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Preface

The motion of any body depends both on its characteristics and on the forces acting
on it. Although taking into account all possible properties makes the equations too
complex to solve, sometimes it is possible to consider only the properties that have
the greatest influence on the motion. Models of ideals bodies, which contain only
the most relevant properties, can be studied using the tools of mathematical physics.
Adding more properties into a model makes it more realistic, but it also makes the
motion problem harder to solve.

In order to highlight the above statements, let us first suppose that a system
S of N unconstrained bodies C;, i = 1,..., N, is sufficiently described by the
model of N material points whenever the bodies have negligible dimensions with
respect to the dimensions of the region containing the trajectories. This means that
all the physical properties of C; that influence the motion are expressed by a positive
number, the mass m;, whereas the position of C; with respect to a frame / is given
by the position vector r; (¢) versus time. To determine the functions r; (¢), one has to
integrate the following system of Newtonian equations:

mit; =F; =f;(ri,...,ry, F1,... Iy, 1),

i =1,...,N, where the forces F;, due both to the external world and to the other
points of S, are assigned functions f; of the positions and velocities of all the points
of S, as well as of time. Under suitable regularity assumptions about the functions f;,
the previous (vector) system of second-order ordinary differential equations in the
unknowns r; (¢) has one and only one solution satisfying the given initial conditions

ri(to) =00, Fi(t) =¥, i=1,...,N.

A second model that more closely matches physical reality is represented by
a system S of constrained rigid bodies C;, i = 1,...,N. In this scheme, the
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extension of C; and the presence of constraints are taken into account. The position
of C; is represented by the three-dimensional region occupied by C; in the frame /.
Owing to the supposed rigidity of both bodies C; and constraints, the configurations
of § are described by n < 6N parameters ¢y, . .., q,, which are called Lagrangian
coordinates. Moreover, the mass m; of C; is no longer sufficient for describing the
physical properties of C; since we have to know both its density and geometry. To
determine the motion of S, that is, the functions ¢;(¢), ..., g,(¢), the Lagrangian
expressions of the kinetic energy 7(¢q, ¢) and active forces Q (g, ¢) are necessary.
Then a possible motion of S is a solution of the Lagrange equations

di dgy  oqn

satisfying the given initial conditions

qh(ZO)Z(Igs Qh(lo):‘ﬁ» h=1,....n,

which once again fix the initial configuration and the velocity field of S.

We face a completely different situation when, to improve the description, we
adopt the model of continuum mechanics. In fact, in this model the bodies are
deformable and, at the same time, the matter is supposed to be continuously
distributed over the volume they occupy, so that their molecular structure is
completely erased. In this book we will show that the substitution of rigidity with the
deformability leads us to determine three scalar functions of three spatial variables
and time, in order to find the motion of .S. Consequently, the fundamental evolution
laws become partial differential equations. This consequence of deformability is the
root of the mathematical difficulties of continuum mechanics.

This model must include other characteristics which allow us to describe
the different macroscopic material behaviors. In fact, bodies undergo different
deformations under the influence of the same applied loads. The mathematical
description of different materials is the object of the constitutive equations. These
equations, although they have to describe a wide variety of real bodies, must in
any case satisfy some general principles. These principles are called constitutive
axioms and they reflect general rules of behavior. These rules, although they
imply severe restrictions on the form of the constitutive equations, permit us to
describe different materials. The constitutive equations can be divided into classes
describing the behavior of material categories: elastic bodies, fluids, etc. The
choice of a particular constitutive relation cannot be done a priori but instead
relies on experiments, due to the fact that the macroscopic behavior of a body is
strictly related to its molecular structure. Since the continuum model erases this
structure, the constitutive equation of a particular material has to be determined by
experimental procedures. However, the introduction of deformability into the model
does not permit us to describe all the phenomena accompanying the motion. In fact,
the viscosity of S as well as the friction between S and any external bodies produce
heating, which in turn causes heat exchanges among parts of S or between S and
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its surroundings. Mechanics is not able to describe these phenomena, and we must
resort to the thermomechanics of continuous systems. This theory combines the
laws of mechanics and thermodynamics, provided that they are suitably generalized
to a deformable continuum at a nonuniform temperature.

The situation is much more complex when the continuum carries charges and
currents. In such a case, we must take into account Maxwell’s equations, which
describe the electromagnetic fields accompanying the motion, together with the
thermomechanic equations. The coexistence of all these equations gives rise to a
compatibility problem: in fact, Maxwell’s equations are covariant under Lorentz
transformations, whereas thermomechanics laws are covariant under Galilean trans-
formations.

This book is devoted to those readers interested in understanding the basis of
continuum mechanics and its fundamental applications: balance laws, constitutive
axioms, linear elasticity, fluid dynamics, waves, etc. It is self-contained, as it illus-
trates all the required mathematical tools, starting from an elementary knowledge of
algebra and analysis.

It is divided into 13 chapters. In the first two chapters the elements of linear alge-
bra are presented (vectors, tensors, eigenvalues, eigenvectors, etc.), together with the
foundations of vector analysis (curvilinear coordinates, covariant derivative, Gauss
and Stokes theorems). In the remaining ten chapters the foundations of continuum
mechanics and some fundamental applications of simple continuous media are
introduced. More precisely, the finite deformation theory is discussed in Chap. 3,
and the kinetic principles, the singular surfaces, and the general differential formulae
for surfaces and volumes are presented in Chap. 4. Chapter 5 contains the general
integral balance laws of mechanics, as well as their local Eulerian or Lagrangian
forms. In Chaps. 6 and 7 the constitutive axioms, the thermo-viscoelastic materials,
and their symmetries are discussed. In Chap. 8, starting from the characteristic
surfaces, the classification of a quasi-linear partial differential system is discussed,
together with ordinary waves and shock waves. The following two chapters cover
the application of the general principles presented in the previous chapters to perfect
or viscous fluids (Chap. 9) and to linearly elastic systems (Chap. 10). In Chap. 11,
a comparison of some proposed thermodynamic theories is presented. The great
importance of fluid dynamics in meteorology is showed in Chap. 12. In particular,
in this chapter the arduous path from the equation of fluid dynamics to the chaos
is sketched. In the last chapter, we present a brief introduction to the navigation
since the analysis of this problem is an interesting example of the interaction
between the equations of fluid dynamics and the dynamics of rigid bodies. Finally,
in Appendix A the concept of a weak solution is introduced.

This volume has many programs written with Mathematica® [69]. These
programs, whose files will be available at Extras.Springer.com., apply to topics
discussed in the book such as the equivalence of applied vector systems, differential
operators in curvilinear coordinates, kinematic fields, deformation theory, classifi-
cation of systems of partial differential equations, motion representation of perfect
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fluids by complex functions, waves in solids, and so on. This approach has already
been adopted by two of the authors in other books (see [1,33]).!

Many other important topics of continuum mechanics are not considered in this
volume, which is essentially devoted to the foundations of the theory. In a second
volume [56], already edited, continua with directors, nonlinear elasticity, mixtures,
phase changes, electrodynamics in matter, ferromagnetic bodies, and relativistic
continua are discussed.

Naples, Italy Antonio Romano
Addolorata Marasco

IThe reader interested in other fundamental books in continuum mechanics can consult, for
example, the references [26, 30,36, 66].
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Chapter 1
Elements of Linear Algebra

In this chapter the fundamental concepts of linear algebra are exposed. More
precisely, we introduce vector spaces, bases and contravariant components of a
vector relative to a base, together with their transformation formulae on varying
the basis. Then, Euclidean vector spaces and some fundamental operations in these
spaces are analyzed: vector product, mixed product, etc. The elementary definition
of n-tensors is given together with elements of tensor algebra. The problem of
eigenvalues of symmetric 2-tensor and orthogonal 2-tensors is widely discussed
and Cauchy’s polar decomposition theorem is proved. Finally, the Euclidean point
spaces are introduced. The last sections contain exercises and detailed descriptions
of some packages written with Mathematica® [69], which allows the user to solve
by computer many of the problems considered in this chapter.

1.1 Motivation to Study Linear Algebra

In describing reality mathematically, several tools are used. The most familiar
is certainly the concept of a function, which expresses the dependence of some
quantities (yi, ..., y») on others (xi, ..., x,) by m analytical relations

yvi=filxt,..ox),  i=1,...,m. (1.1)

For instance, the coordinate x of a material point moving on a straight line with
harmonic motion varies with time # according to the law

x = Asin(wt + @),
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2 1 Elements of Linear Algebra

where w = 27v and A4, v, and ¢ are the amplitude, the frequency, and the phase of
the harmonic motion, respectively. Similarly, an attractive elastic force F depends
on the lengthening s of the spring, according to the rule

F; = —kx;, i=1,2,3.

In this formula F; denotes the ith force component, k > 0 is the elastic constant, and
X; is the ith component of s. A final example is a dielectric, in which the components
D; of the electric induction D depend on the components E; of the electric field E.
Later, it will be shown that the tension in a neighborhood I of a point P of
an elastic material S depends on the deformation of 7; both the deformation and
the tension are described by 9 variables. Therefore to find the relation between
deformation and tension, we need 9 functions like (1.1), depending on 9 variables.
The previous examples, and many others, tell us how important it is to study
systems of real functions depending on many real variables. In studying mathemat-
ical analysis, we learn how difficult this can be, so it is quite natural to start with
linear relations f;. In doing this we are making the assumption that small causes
produce small effects. If we interpret the independent variables x; as causes and the
dependent variables y; as effects, then the functions (1.1) can be replaced with their
Taylor expansions at the origin (0,...,0). Limiting the Taylor expansions to first
order gives linear relations, which can be explored using the techniques of linear
algebra. In this chapter we present some fundamental aspects of this subject.'

1.2 Vector Spaces and Bases

Let N (C) be the field of real (complex) numbers. A vector space on R (C) is
an arbitrary set £ equipped with two algebraic operations, called addition and
multiplication. The elements of this algebraic structure are called vectors.

The addition operation associates with any pair of vectors u, v of £ their sum
u + v € £ in a way that satisfies the following formal properties:

u+v=v+u
only one element 0 € & exists for whichu + 0 = u;
for allu € &, only one element — u € & exists such thatu + (—u) = 0. (1.2)

The multiplication operation, which associates the product au € &£ to any
number a belonging to N (C) and any vector u € &, has to satisfy the formal
properties

"For a more extensive study of the subjects of the first two chapters, see [28,38,52], [51].
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lu=u,
(a + b)u = au + bu,
a(u+v) =au+av. (1.3)
Let W = {u,...,u,} be a set of r distinct vectors belonging to &; r is also

called the order of W . The vector
ajug + -+ a,u,

where ay, ..., a, are real (complex) numbers, is called a linear combination of
uy,...,u,. Moreover, the set {uy,...,u,} is linearly independent or free if any
linear combination

aa; +---+au =0 (1.4)

implies that a; = --- = a, = 0. In the opposite case, they are linearly dependent.
If it is possible to find linearly independent vector systems of order n, where n
is a finite integer, but there is no free system of order n + 1, then we say that n is
the dimension of £, which is denoted by &,. Any linearly independent system W of
order 7 is said to be a basis of £,. When it is possible to find linearly independent
vector sets of any order, the dimension of the vector space is said to be infinity.
We state the following theorem without proof.

Theorem 1.1. A set W = {ey,...,e,} of vectors of &, is a basis if and only if any
vector u € &, can be expressed as a unique linear combination of the elements
of W:

u=u'e, +---+u'e,. (1.5)

For brevity, from now on we denote a basis by (e;). The coefficients u' are called
contravariant components of u with respect to the basis (e;). The relations among
the contravariant components of the same vector with respect two bases will be
analyzed in Sect. 1.4.

Examples

* The set of the oriented segments starting from a point O of ordinary three-
dimensional space constitutes the simplest example of a three-dimensional vector
space on M. Here the addition is defined with the usual parallelogram rule, and
the product au is defined by the oriented segment having a length |a| times the
length of u and a direction coinciding with the direction of u, if a > 0, or with
the opposite one, if a < 0.
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¢ The set of the matrices

where the coefficients are real (complex) numbers, equipped with the usual
operations of summation of two matrices and the product of a matrix for a real
(complex) number, is a vector space. Moreover, it is easy to verify that one basis
for this vector space is the set of m x n-matrices that have all the elements equal
to zero except for one which is equal to 1. Consequently, its dimension is equal
to mn.

* The set P of all polynomials

P(x) =aopx" +a;x" ' + .- +a,

of the same degree n with real (complex) coefficients is a (n + 1)-dimensional
vector space, since the polynomials

Pi(x)=x", P,=x""' ..., Py=1 (1.6)

form a basis of P.

e The set F of continuous functions on the interval [0, 1] is a vector space whose
dimension is infinity since, for any n, the set of polynomials (1.6) is linearly
independent.

From now on we will use Einstein’s notation, in which the summation over
two repeated indices is understood provided that one is a subscript and the other
a superscript. In this notation, relation (1.5) is written as

u=1u'e. (1.7)
Moreover, for the sake of simplicity, all of the following considerations refer to a
three-dimensional vector space &, although almost all the results are valid for any

vector space.
A subset U C £ is a vector subspace of & if

uvef=>u+vel,
aeRNuef =>auef. (1.8)

Let U and V be two subspaces of & having dimensions p and g (p + ¢ < 3),
respectively, and let U N V = {0}. The direct sum of U and V', denoted by

wW=UaV,
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Fig. 1.1 Direct sum

is the set of all the vectors w =u + v, withu € U andv € V.

Theorem 1.2. The direct sum W of the subspaces U and V is a new subspace
whose dimension is p + q.

Proof. It is easy to verify that W is a vector space. Moreover, let (uy,...,u,) and
(V1,...,vy) be two bases of U and V, respectively. The definition of the direct sum
implies that any vector w € W can be written as w = u + v, where u € U and
v € V are uniquely determined. Therefore,

P q
w= E u'a; + E Vg,
i=1 i=1

where the coefficients «' and v' are again uniquely determined. It follows that the
vectors (Wy,...,U,, Vy,...,V,) represent a basis of W. ad

Figure 1.1 illustrates the previous theorem for p = g = 1.

1.3 Euclidean Vector Space

Besides the usual operations of vector sum and product of a real number times a
vector, the operation of scalar or inner product of two vectors can be introduced.
This operation, which associates a real number u - v to any pair of vectors (u, v), is
defined by the following properties:

1. it is distributive with respect to each argument:
(u+v)-w=u-w+v-w, u-(v+w)=u-v+u-w;
2. itis associative:

au-v=u-(av);



6 1 Elements of Linear Algebra

3. itis symmetric:

4. it satisfies the condition

u-u>0,

the equality holding if and only if u vanishes.

From now on, a space in which a scalar product is defined is referred to as a
Euclidean vector space.
Property (4) allows us to define the length of the vector u as the number

[ul = Vu-u;
in particular, a vector is a unit or normal vector if
lu| = 1.
Two vectors u and v are orthogonal if
u-v=0.

The following two inequalities, due to Minkowski and Schwarz, respectively, can
be proved:

[u+v| <|ul+|v|, (1.9)
[w-v| < |ul|v|. (1.10)

The last inequality permits us to define the angle 0 < ¢ < 7 between two vectors
u and v by the relation

u-v

oS = ——,
Y= Tulpv

which allows us to give the inner product the following elementary form:
u-v=|ul|v|cosg.
A vector system (uy, ..., u,) is called orthonormal it

u; 'llj = Sij,
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where §;; is the Kronecker symbol

1, i=j
0, i# ]

It is easy to verify that the vectors belonging to an orthonormal system
{uy,...,u,} are linearly independent; in fact, it is sufficient to consider the scalar
product between any of their vanishing linear combinations and a vector uy, to verify
that the hth coefficient of the combination vanishes. This result implies that the
number m of the vectors of an orthogonal system is < 3.

The Gram—-Schmidt orthonormalization procedure permits us to obtain an
orthonormal system starting from any set of three independent vectors (uy, uy, us).
In fact, if this set is independent, it is always possible to determine the constants A
in the expressions

vV =up,
V2 = Avi +wp,
vi = Avi + A3vs 4 ug,
in such a way that v; is orthogonal to v| and vj is orthogonal to both v; and v,. By a

simple calculation, we find that these conditions lead to the following values of the
constants A:

up ' vy
A=
ol
A’z__u3'v2
3 2

V2|
)L] _ u3 vy
3 2 "

[vi]

Then the vectors v;, h = 1, 2, 3, are orthogonal to each other and it is sufficient to
consider the vectors vy, /|v;| to obtain the desired orthonormal system.
Let (e;) be a basis and let u = u'e;,v = /e, be the representations of two
vectors in this basis; then the scalar product becomes
u-v =g uv, (1.11)

where

&ij =e,~-ej = gji- (112)
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When u=v, (1.11) gives the square length of a vector in terms of its
components:

lu|* = giju'u’. (1.13)

Owing to the property (4) of the scalar product, the quadratic form on the right-hand
side of (1.13) is positive definite, so that

g = det(g;;) > 0. (1.14)

If the basis is orthonormal, then (1.11) and (1.13) assume the simpler form

3

u-v= Zu"v", (1.15)
i=1
3

uf =Y @) (1.16)

i=1

Due to (1.14), the matrix (g;;) has an inverse so that, if g’j are the coefficients of
this last matrix, we have

g"gn =8, (1.17)

If a basis (e;) is assigned in the Euclidean space &, it is possible to define the
dual or reciprocal basis (e') of (e;) with the relations

e =g'e;. (1.18)
These new vectors constitute a basis since from any linear combination of them,
riel =g riey =0,
we derive
g =0,
when we recall that the vectors (e;) are independent. On the other hand, this
homogeneous system admits only the trivial solution A; = A, = A3 = 0, since

det(g/) > 0.
The chain of equalities, see (1.18), (1.12), (1.17),

ei~ej :giheh-ej :gihghj :5; (1.19)
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ule
e ]

u2e, ¢

€ a
2
ure? P 90 —al

«

Fig. 1.2 Dual bases

proves that €' is orthogonal to all the vectors e i, J # i (see Fig. 1.2 and
Exercise 1.2). It is worthwhile to note that if the basis (e;) is orthogonal, then (1.18)
implies that

¢ =g'eg=—,

so that any vector ¢’ of the dual basis is parallel to the vector e;.
From this relation we have

e-e =1,

so that
le;||e’|cosO =1,
and
; 1
le/| = —. (1.20)
le: |

In particular, when the basis (e;) is orthonormal, e =e¢,i=1,...,n.

With the introduction of the dual basis, any vector u admits two representations:
u=u'e; = uje. (1.21)

The quantities u; are called covariant components of u. They can be obtained from
the components of u with respect to the reciprocal basis or from the projections of
u onto the axes of the original basis:

u-e; =(ujej)-e,- ZMJSIJ = U;. (122)
In particular, if the basis is orthonormal, then the covariant and contravariant
components are equal.
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The relation (1.22) shows that the covariant and contravariant components can
be defined respectively as

u=u-€ = gju, w =u-e =g'ly. (1.23)

It follows from (1.23) that the scalar product (1.11) can be written in one of the
following equivalent forms:

u-v= g,-_,uivj = u_,-vj = gijuivj. (1.24)

1.4 Base Changes

Covariant or contravariant components of a vector are relative to the chosen basis.
Consequently, it is interesting to determine the corresponding transformation rules
under a change of the basis. Let us consider the base change (e;) —> (e}); when
we note that any vector €] can be represented as a linear combination of the vectors
(e;), we have?

¢ =Ale;, e =(4hle. (1.25)

In other words, the base change is assigned by giving the nonsingular matrix (A;)
of the vector components (e) with respect to the basis (e;).
On the other hand, any vector u admits the following two representations:
1/

— —la.
u=u'e =u'e;,

from which, taking into account (1.25), there follow the transformation formulae of
vector components with respect to base changes:

W' = (AT, W = Al (1.26)

In order to determine the corresponding transformation formulae of covariant
components, we note that (1.23) and (1.25) imply that

/ ;) Ja.
U, =u-¢€; =u-Ae;,

and then

u, = Alu; (1.27)

1

2It is easy to verify, by using considerations similar to those used at the end of the previous section,
that the independence of the vectors (€]) is equivalent to requiring that det(4) # 0.
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or
w = (AN (1.28)

A comparison of (1.25), (1.26), and (1.27) justifies the definition of covariant
and contravariant components given to u; and «': the transformation of covariant
components involves the coefficient of the base transformation (1.25), whereas
the transformation of the contravariant components involves the coefficients of the
inverse base transformation.

Itis also interesting to determine the transformation formulae of the quantities g;;
and g associated with the scalar product. To this end, we note that (1.12) and (1.25)
imply that

g =¢-¢€ = A?A_’;eh -ey;
that is,
gl = Al gue. (1.29)

Similarly, from the invariance of the scalar product with respect to a base change
and from (1.24), we have

g/ijuﬁv/j = ghkuhvk,
and taking into account (1.28), we obtain
g = (AT)LATH] g (1.30)
From (1.18), (1.30), and (1.25), it also follows that
e = (A7"ie". (1.31)

Finally, let (e;) and (e}) be two bases of &; related to each other by the
transformation formulae (1.25). When

det(4’) > 0, (1.32)

we say that the two bases have the same orientation. It is easy to recognize that this
connection between the two bases represents an equivalence relation R in the set B
of the bases of £5. Moreover, R divides B in two equivalence classes; any two bases,
each of them belonging to one class, define the two possible orientations of &£s.
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1.5 Vector Product

Let (e;) be a basis of £3. The vector product or cross product is an internal operation
which associates, to any pair of vectors u and v of &;, a new vector u X v whose
covariant components are

(uxv); = /g ejnul v, (1.33)

where ' and v/ denote the contravariant components of u and v and e;;; is the
Levi-Civita symbol, defined as follows:

0, if two indices are equal;
eijh = 1, if the permutation ijh is even; (1.34)
-1, if the permutation #jh is odd.

The attribute even or odd of the index sequence ijh depends on the number of
index exchanges we have to do in order to reproduce the fundamental sequence 123.
For example, 231 is even, since two exchanges are needed: the first one produces
132 and the second, 123. On the other hand, 213 is odd, since just one exchange of
indices is sufficient to come back to 123.

From the definition (1.34), we see that the exchange of two indices in the
permutation symbol implies a sign change; that is,

Cijk = —€kji = €kij = —C€ikj-

Moreover, we remark that the product of two permutation symbols can be expressed
by the Kronecker symbol § using the following identity

8mj Smk

. 1.
5, St (135

€miq€jikqg = Smjgik - 5mk5ij =

This formula can be memorized as follows: the first two indices of the first e appear
in the determinant as row indices, whereas the first two indices of the second e are
column indices.

It is easy to verify that the composition law (1.33) is distributive, associative,
and skew-symmetric. In order to recognize that the present definition of the cross
product u x v coincides with the elementary one, we consider an orthonormal basis
(e;) such that |ule; = u and the plane (e;, e;) contains v. In this basis, u and v
have components ([u|, 0, 0) and (|v| cos ¢, |v| sin ¢, 0). Here ¢ is the angle between
v and e;; that is, the angle between v and u. Finally, due to (1.33), we easily derive
that u x v is orthogonal to the plane defined by u, v and its component along es is
[u| |v] sing.



1.6 Mixed Product 13

It remains to verify that the right-hand side of (1.33) is independent of the basis
or, equivalently, that the quantities on the left-hand side of (1.33) transform with the
law (1.27). First, from (1.29) we derive

Ve = £det(4)) /3. (1.36)

where the + sign holds if det(A;-) > 0 and the — sign holds in the opposite case.
Moreover, the determinant definition implies that

1 !

m AlAljn Z €lmn» (137)

€ijh =

so that, taking into account (1.33) and (1.36), we write

uxv), =g e’ V" = £ Al ety /T U™

Then it is possible to conclude that the cross product defines a vector only for base
changes which preserve the orientation (Sect. 1.4). Vectors having this characteristic
are called axial vectors or pseudovectors, whereas the vectors transforming with the
law (1.27) are called polar vectors.

Examples of axial vectors are given by the moment M of a force F with respect
to a pole O or by the angular velocity @, whose direction changes with the basis
orientation. This is not true for the force, velocity, etc., which are examples of polar
vectors (see Exercise 10).

At a less formal but more intuitive level, the nature of the vector under
consideration can be recognized by looking at its behavior under a reflection (see
Fig. 1.3): if the reflection preserves the direction, we are in the presence of an axial
vector, while if the reflection induces a change of its direction, the vector is polar.

1.6 Mixed Product

The mixed product of three vectors u,v,w, is the scalar quantity (u x v) - w.
When (1.24) and (1.33) are taken into account, we obtain the following coordinate
form of the mixed product:

(UxvV)-w=/gewu v (1.38)

Fig. 1.3 Axial vector @ (angular velocity)—Polar vector F (force)
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The skew-symmetry properties of the Levi—Civita symbol (see Sect. 1.5) allow us
to verify the following cyclic property of the mixed product:

(uxv)-w=(wxu)-v=(VXW)-u

It is easy to recognize the geometric meaning of the mixed product. In fact, it
has been already said (Sect. 1.5) that the vector product is a vector orthogonal to the
plane defined by u and v, having the norm equal to the area of the parallelogram o
with sides |u| and |v|. The scalar product (u X v) - w is equal to the component w
along (u x v) times the length of (u x v). Finally, the mixed product represents the
volume of the parallelepiped with edges u, v, and w.

1.7 Elements of Tensor Algebra

Let & be a Euclidean vector space. The mapping
T:&— & (1.39)
is linear if, using the notation T(u) = Tu, we have
T(au + bv) = aTu + bTy, (1.40)

foralla,b € R and for allu, v € &;.

We will let Lin(&;) denote the set of linear mappings of &; into &. These
applications are also called endomorphisms, Euclidean double tensors, or
2-tensors of &;.

The product ST of two tensors S and T is the composition of S and T; that is, for
all u € & we have

(ST)u = S(Tu). (1.41)

Generally, ST # TS; if ST = TS, then the two tensors are said to commute. The
transpose TT of T is the new tensor defined by the condition

u-T’v=v.(Tu), Vu,ves;. (1.42)
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The following properties can be easily established:

(T+8)" =TT +87,

(TS)" = STTT,
(THT =T.
A tensor T is symmetric if
T=17, (1.43)
and skew-symmetric if
T=-T". (1.44)

The tensor product of vectors u and v is the tensor u ® v such that
u@vyw=uv-w, VweSé;. (1.45)

The set Lin(&3) of tensors defined on &; is itself a vector space with respect to the
ordinary operations of addition and the product of a mapping times a real number.
For this space the following theorem holds:

Theorem 1.3. The vector space Lin(E3) of Euclidean double tensors is 9-
dimensional. The tensor systems (¢; ® €;), (¢; @ /), (¢’ ® /) are bases of Lin(&3)
so that for all uw € &, the following representations of Euclidean double tensors
hold:

T=T"¢®e; =Tje, Qe =T;e Qe (1.46)
The matrices (T7), (T;), and (Tj;) are called the contravariant, mixed, and
covariant components of T, respectively. Finally, the relations among the different
components are given by the equations

Ty = ginT!' = ging i T (1.47)
Proof. To verify that the system (e; ® e;) is a basis of Lin(&3), it is sufficient to
prove that it is a linearly independent system and that any tensor T can be expressed
as a linear combination of the elements of (e; ® e;). First, from
Al e e = 0,

and from (1.45), (1.12), we derive

Me ®ej(e,) =A"e e -e =A"g;,e; =0
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for any h = 1,2, 3. But the vectors (e;) form a basis of &, so that the previous
relation implies, for any index i, the homogeneous system

)Lij g_/'h = 0

of three equations in the three unknowns A where i is fixed. Since the determinant
det(g;;) of this system is different from zero, see (1.14), all the unknowns A" with
fixed i vanish. From the arbitrariness of i, the theorem follows.

Similarly, from the linear combination

A;e,- Re =0,
when (1.19) is taken into account, we have
A;ei R el (ey) = )L’}-e,' e e = A;S{;ei = )Lilei =0,

so that )&2 = 0, for any choice of i and 4. In the same way, the independence of
tensors (€' ® e/) can be proved.

To show that any tensor T can be written as a linear combination of any one of
these systems, we start by noting that, from (1.21) and the linearity of T, we have

Tu = u;Te’.

On the other hand, Te’ is a vector of &; and therefore can be represented in the
following form, see (1.21):

Te/ = TVe;.

If the definition of covariant components (1.23) is recalled together with (1.45), we
have

Tu = Tijujei =TVe ® e;(u).
Finally, owing to the arbitrariness of u, we obtain
T=T"e ®e;.
To show (1.46),, it is sufficient to remark that
Tu = u/ Te;,
so that, introducing the notation Te; = T]’f e;, we derive

Tu="T/ue.
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Noting that (1.23) and (1.22) hold, we have w = gliy; = g/le; -u=e/ -u, and
the previous relation gives

Tu = Tj’fel- ® e/ (u).
From this expression, due to the arbitrariness of u, (1.46); is derived. In a similar
way, (1.46)3 can be proved.

Relation (1.47) is easily verified using (1.46) and the definition of the reciprocal
basis (1.18), so that the theorem is proved. O

Example 1.1. Verify that the matrices of contravariant or covariant components of
a symmetric (skew-symmetric) tensor are symmetric (skew-symmetric), using the
definition of transpose and symmetry.
The symmetry of T (T = TT) and (1.42) imply that
v:-Tu=u-Ty,
so that

V,‘leuj = uiT’/vj = I/thlei.

The arbitrariness of u and v leads to 7% = T/!. In a similar way, it can be proved
that 7;; = —T;; when T is skew-symmetric.

Example 1.2. Using the different representations (1.46), verify that the contravari-
ant, mixed and covariant components of the unit or identity tensor I

Iu=u, VYueé;,
are given by the following matrices, respectively:
&), ), (g
Starting from the condition defining I, written in terms of components,
(IVe; ® e;)- (uheh) = u;el,
we derive the equation
1" upe; = g upe;,

which implies that I** = g In a similar way the others results follow.

The image of T, denoted by Im(T), is the subset of &5 such that

Im(T) ={ve&|Fue&:v="Tu} (1.48)
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whereas the kernel of T, denoted by Ker(T), is the subset of & such that
Ker(T) = {u e & | Tu = 0}. (1.49)

Theorem 1.4. Im(T) and Ker(T) are vector subspaces of E;. Moreover, T has an
inverse if and only if Ker(T) = {0}.

Proof. In fact, if vi = Tu; € Im(T) and v, = Tu, € Im(T), we have
avy + bvy, = aTu; + bTu, = T(au; + buy),

so that avy + bv, € Im(T). Moreover, if u;, u; € Ker(T), we have Tu; = Tu, = 0
and therefore

0 = aTu; + bTu, = T(au; + buy),

so that au; + bu, € Ker(T). Finally, if T has an inverse, the condition T(0) = 0
implies that the inverse image of the zero vector of £3 contains only the zero vector,
i.e., Ker(T) = {0}. Conversely, if this condition implied the existence of two vectors
u’,u” € & such that Tu’ = Tu”, we would have T(u’ —u”) = 0. From this relation
it would follow that w' — u” € Ker(T) and therefore ' —u” = 0. |

As a consequence of the previous results, we can say that T is an isomorphism if
and only if

Im(T) = &,  Ker(T) = {0}. (1.50)

Theorem 1.5. Let us consider a tensor T € Lin(E3) and a basis (e;) of E;. Then the
following conditions are equivalent:

1. T is an isomorphism;
2. the vectors T(e;) represent a basis E3;
3. the representative matrix (T]’-) of T with respect to the basis (€;) is not singular.

Proof. 1. == 2. Infact, from the conditions A'Te; = T(A'e;) = 0 and (1.50),, it
follows that A'e; = 0; consequently, Al = 0, since (e;) is a basis and the vectors
Te; are independent. Moreover, if T is an isomorphism, then for any v € &;
there exists a unique u € & such that v = Tu = u' Te;, so that the vectors Te;
represent a basis of &;.

2. = 3. In fact, the condition A'Te; = 0 can be written A’ Tiheh = 0 so that,
due to (2), the homogeneous system A’ Tih = 0 must admit only the vanishing
solution and therefore the matrix (T; ) is not singular.

3.== 1. Interms of components, v = Tu is expressed by the system

V=T, (1.51)
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For any choice of the vector v € &, this system can be considered as a linear
system of n equations with n unknowns u”, which admits one and only one
solution, when (7';) is not singular. Consequently, T is an isomorphism. O

To conclude this section, the transformation rules under a base change (e;) —>
(¢}) of the components of a Euclidean second-order tensor will be derived. First,
from (1.48), we have

T=T"e ®e, =T"e, ®e€,
so that, recalling (1.25), we find
ATHIATY TV e, @ ¢ = T" e, @ ¢
Since the tensors (e}, ® e;) form a basis of Lin(€3), we have
T = (ATHHAYETY. (1.52)

Similarly, starting from (1.46), 3 and taking into account (1.25), we can derive
the following transformation formulae for mixed and covariant components:

T = (AT AT, (1.53)
Ty = AL AT (1.54)

Remark 1.1. In the following sections we will often use the notation u-T. It denotes
the linear mapping £3 — &; that, in terms of components, is written

v =uT]. (1.55)
When the tensor T is symmetric, we have
u-T=Tu.

Remark 1.2. Ttis worthwhile noting that the relations (1.51) to (1.54) can be written
adopting matrix notation. For instance, in agreement with the convention that the
product of two matrices is calculated by rows times columns, the following form
can be given to (1.54):

T' = ATTA, (1.56)
where T and T’ are the matrices formed with the components of T and T" with

respect to the bases (e;) and (e}), respectively, and A denotes the matrix of the base
change e; — €/, see (1.25). It is also important to note that in the literature, usually,
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the same symbol denotes both the tensor T and its representative matrix 7 in a fixed
basis. Consequently, relation (1.56) is also written as

T = ATTA.

1.8 Eigenvalues and Eigenvectors of a Euclidean
Second-Order Tensor

A real number A is an eigenvalue of the tensor T if there exists a nonvanishing vector
u called an eigenvector belonging to the eigenvalue A, satisfying the eigenvalue
equation

Tu = Au. (1.57)

Equation (1.57) reflects the following problem, which has many applications: the
tensor T associates to any vector u the vector v, generally different from u, both in
norm and direction. The vectors which are not rotated by the linear application T
are just the solutions of (1.57).

We easily recognize that the eigenvectors belonging to the same eigenvalue
A form a vector subspace of &;, called the characteristic space V(M) associated
with the eigenvalue A. The geometric multiplicity of A is the dimension m of this
subspace. The spectrum of T is the list A} < A, < ... of its eigenvalues.

Theorem 1.6. The following properties hold:

1. the eigenvalues of a positive definite tensor
v-Tv>0 Vveké&;,

are positive;
2. the characteristic spaces of symmetric tensors are orthogonal to each other.
Proof. If T is a symmetric positive definite tensor, A its eigenvalue, and u one of the
eigenvectors corresponding to A, we have

u-Tu= 2 |u.

Since [u|? > 0, the previous equation implies A > 0. Moreover, if A and A, are
distinct eigenvalues of T, and uy, u, are the two corresponding eigenvectors, we can
write

Tu; = Ay, Tu, = Ay,
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so that
llz'Tl,ll =/\1u1-u2, lll'TlIQZAzlll'llz.

From the symmetry (T = TT) of T, we derive u, - Tu; = u; - Tu,. Consequently,
we find

A2 —ADu; cup, =0,

and the theorem is proved, since A, — A; # 0. |

Let (e;) be a fixed basis; when the representation of T in (1.46); is used, the
eigenvalue equation becomes

T ¢ ®ej(u) = T ¢ e -u= Aidle;,
or equivalently,
Tijujei = Agifujei.

The unknowns of this homogeneous system are the covariant components of the
eigenvector u:

(TY — 1g"yu; = 0. (1.58)

This system has nonvanishing solutions if and only if the eigenvalue A is a solution
of the characteristic equation

det(T7 — Ag") =0, (1.59)
which is a third-degree equation in the unknown A. The multiplicity of A, as a root
of (1.59), is called the algebraic multiplicity of the eigenvalue.

If the representation of T in (1.46), is used, we have
T;uje,- = )Luiei = )LS;Mje[,
so that the eigenvalue equation, written in mixed components, becomes
(T} — 28w’ =0, (1.60)
and the characteristic equation is

det(T} — A8}) = 0. (1.61)
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Finally, using the representation (1.46)3, we have
(Tyj — Agij)u’ =0, (1.62)
det(Tij — Agij) =0. (1.63)

Remark 1.3. Developing (1.61), we obtain a third-degree equation having the
following form:

“ M+ LA —DbA+ 1 =0, (1.64)

where the coefficients Iy, I, and I3 are called the first, second, and third invariant,
respectively, and are defined as follows:

. | .
h=T. L= (T -TT)). L= deT)). (1.65)

l

It is clear that the roots of equation (1.64) are independent of the basis; that is,
the eigenvalues are characteristic of the tensor T if and only if the coefficients of
the characteristic equation (1.64) are invariant with respect to base changes. We
leave to reader to prove this property (see hint in Exercise 1). If another kind
of components is used, the expressions for the invariant coefficients change. For
example, for covariant components, the expressions become

.. 1 .. , .
L=g"Ty, L= T, g™ T — g" Ty 7" Tix), (1.66)
I; = det(g"Ty;) = det(g") det(Ty)). (1.67)

Theorem 1.7. If T is a symmetric tensor, then

1. the geometric and algebraic multiplicities of an eigenvalue A coincide;

2. it is always possible to determine at least one orthonormal basis (w;) whose
elements are eigenvectors of T,

3. in these bases, one of the following representation of T is possible:

i) if all the eigenvalues are distinct, then

3
T:ZAiui R u;; (168)

i=1
ii) lf/‘{l = /\2 75 A3, then

T=4T—-u;Q@u3)+ A3u3 ® uz; (1.69)



1.8 Eigenvalues and Eigenvectors of a Euclidean Second-Order Tensor 23
iii) lf/'{] =1 = A3 = A, then
T = AL, (1.70)

where 1 is the identity tensor of &;.

Proof. We start by assuming that the property (1) has already been proved.
Consequently, three cases are possible: the three eigenvalues are distinct, two are
equal but different from the third one, or all of them are equal. In the first case, the
eigenvector subspace V(4;) belonging to the eigenvalue A; is one-dimensional and
orthogonal to the others (see Theorem 1.5). Therefore, if a unit eigenvector u; is
fixed in each of these subspaces, an orthonormal basis is obtained.

In the second case, the eigenvalue A; = A, is associated with a two-dimensional
eigenvector subspace V(A{), so that it is always possible to find an orthonormal
eigenvector pair (uj,up) in V(A{). If a third unit vector us is chosen in the
one-dimensional eigenvector subspace V(A3), orthogonal to the previous one, an
orthonormal eigenvector basis (u;) is obtained.

Finally, if all the eigenvalues are equal to A, the subspace V(X) is three-
dimensional, that is, it coincides with the whole space £ and it is certainly possible
to determine an orthonormal eigenvector basis.

In conclusion, an orthonormal eigenvector basis (u;, u,, uz) can always be found.
Since this basis is orthonormal, the contravariant, mixed, and covariant components
of any tensor T coincide; moreover, the reciprocal basis is identical to (uj, uy, u3)
and the tensor g;; has components J;; .

Finally, all types of components of the tensor T in the basis (u;, u,, u3) are given
by the diagonal matrix

) A1 0 0
(T7)y=102,0 |. (1.71)
0 0 As

In fact, using any one of the representation formulae (1.46), the eigenvalue equation
Tu;, = A,uy, can be written in the form

TV §pw; = Ay8hu;,
from which we derive
T = 1,88,
and (1.68) is proved. In the case (ii) (1.68) becomes

T=1 u +u, ®u) + A3u3 ® us.
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But the unit matrix can be written as
I=uy®u+tww+uz3®u; (1.72)

and (1.69) is also verified. Finally, (1.70) is a trivial consequence of (1.68)
and (1.72). O

The relation (1.68) is called a spectral decomposition of T.
The following square-root theorem is important in finite deformation theory (see
Chap. 3):

Theorem 1.8. If T is a positive definite symmetric tensor, then one and only one
positive definite symmetric tensor U exists such that

U>=T. (1.73)
Proof. Since T is symmetric and positive definite from the previous theorem it
follows that

3
T= Z/X,’lli X u;,

i=1

where A; > 0 and (u;) is an orthonormal basis. Consequently, we can define the
symmetric positive definite tensor

3
U:Z\/A_iui(g)ui, (1.74)

i=1

In order to verify that U?> = T, it will be sufficient to prove that they coincide when
applied to eigenvectors. In fact,

3 3
Uy, = (Z Vi ®ui) (Z Vi ®ui) uy (1.75)

i=1 i=1

3
= (Z Vi ® u[) VA, = w, = Tu, (176)
i=1

To verify that U is uniquely defined, suppose that there is another symmetric
positive definite tensor V such that V2 = T. Then we have

(U -V)H(w) =0 = U? = V2
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Recalling (1.74) and the spectral representation (1.68), we conclude that the
eigenvalues of V are ++/A;. But V is also supposed to be symmetric and positive
definite so that it coincides with U. a

1.9 Orthogonal Tensors

A 2-tensor Q is orthogonal if, for any pair of vectors in &,
Qu-Qv=u-v. (1.77)

In other words, a 2-tensor is orthogonal if, for any pair of vectors u, v,

* the length of Qu is equal to the length of u; and
 the angle between Qu and Qv is equal to the angle between u and v.

In particular, an orthogonal tensor transforms an orthonormal basis (e;) into a
system of orthonormal vectors (Qe;). In Sect. 1.3 it was noted that such a system
is linearly independent, so that (Qe;) is again a basis. Moreover, from Theorem 1.4
we can say that an orthogonal tensor is an isomorphism and its representative matrix
Q = (Q/) in a given basis (e;) is not singular:

det Q # 0. (1.78)

In terms of this matrix, the condition (1.77) becomes

e Q1 0% = gij» (1.79)

which implies the following result: In any orthonormal basis (e;), an orthogonal
tensor is represented by an orthogonal matrix:

070=1%0"=0"
det Q = 1. (1.80)

It is clear that the composition of two orthogonal tensors leads again to an
orthogonal tensor, that the identity is an orthogonal tensor, and that the inverse of
an orthogonal tensor is again orthogonal. Therefore, the set of all the orthogonal
tensors is a group. We note that these tensors are also called rotations. In particular
those rotations for which det Q@ = 1 are called proper rotations. Usually, the group
of rotations is denoted by O(3), and the subgroup of proper rotations is denoted
by SO(3).
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The following is very important:

Theorem 1.9. A nonidentical rotation Q always has the eigenvalue A = 1 with
geometric multiplicity equal to 1, i.e., a one-dimensional subspace A exists which is
invariant with respect to Q. Moreover, if A is the subspace of all the vectors which
are orthogonal to A and Q1 # 1 is the restriction of Q to Ay, then A = 1 is the
only eigenvalue.

Proof. The eigenvalue equation for Q in an orthonormal basis (e;) is:
(Q) — A8’ =0, (1.81)
where (Q ’j) is orthogonal, and the characteristic equation is
Ps(A) =X+ LA2—LA+13=0, (1.82)
with the invariants given by the following expressions:
I = 0 + 03 + 03,

2 N3 1 3 1 2
Izzdet(gggg)-i-det(gig§)+det(gigé),

I; = det(Q)) = 1. (1.83)

We note that the determinants appearing in (1.83) are the cofactors A; of Q1,

03, and Q3, respectively. On the other hand, the condition det(Ql-j ) = 1 implies
that

A= (07N = (")
that is,
A =0|. A=05 4=0; (1.84)
Therefore, the characteristic equation becomes
Ps(A)=-A+1LA2-LA+1=0 (1.85)
and A = 1 is aroot.
Next, we have to verify that the eigenspace A belonging to A = 1 is one-

dimensional. Since the dimension of A4 is equal to 3 — p, where p < 2 is the rank
of the matrix (Q'; — &'), we have to prove that p = 2. The value p = 0 is not
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admissible since in such a case Q would be the unit matrix. If p were equal to 1, all
the 2 x 2-minors of the above matrix should vanish:

1_1 2
det(Q‘ 0i ):Ag—Q;—Q§+1:o,

lQi Q%—31

e gy oL ) = im0 -eswi=o
2 3

det(QZle QgQil) =A|-05-03+1=0.

These relations and (1.84) would imply Q] = Q3 = Q3 = 1. From this result
and the orthogonality conditions

(0D + (2D + (0D =1,
(02 +(23)° +(0)° =1,
(03 +(23)* + (09 =1,

it should follow that Q; = &', which violates the hypothesis that Q is not the unit
matrix.

It remains to prove that A = 1 is the only eigenvalue of Q. First, we note that
A is a two-dimensional subspace. If (u;,u;) is an orthonormal basis of A; and
u3 is a unit vector of A, it is clear that (u;, u,u3) is an orthonormal basis of the
whole vector space &;. Since the rotation Q does not modify the scalar product of
two vectors, we have

—1 —2
Qu, = QlllIl + leuz,
Qu, = Q,u; + Q) u,
Qu; = u;.

Therefore, the representative matrix @ of Q in the basis (u;, uy, u3) is

—1 =2

(0, 0,0
0=10,0,0|-
0 01

and the orthogonality conditions are
92 L o2
Q)"+ (Q)) =1,

0,0,+0,0,=0.
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These relations imply the existence of an angle ¢ € (0, 27) such that

cosp —sing 0
Q=|sing cosp O],
0 0 1

(note that ¢ = 0 and ¢ = 27 correspond to the unit matrix). Therefore, in the basis
(uy, uy, u3) the characteristic equation becomes

P3(A) = (1 —A)(A* =2Acosg + 1) =0,

so that, if Q1 # I (i.e., ¢ # ), then the only real eigenvalue is A = 1. |

The one-dimensional eigenspace belonging to the eigenvalue A = 1 is called the
rotation axis.

1.10 Cauchy’s Polar Decomposition Theorem

In this section we prove a very important theorem, called Cauchy’s polar decompo-
sition theorem.

Theorem 1.10. Let F be a 2-tensor for which detF > 0 in a Euclidean vector
space &;. Then there exist positive definite, symmetric tensors U,V and a proper
rotation R such that

F = RU = VR, (1.86)
where U, V, and R are uniquely defined by the relations

U = VFTF, V = ~FFT,
R=FU!'=VF. (1.87)

Proof. To simplify the notation, an orthonormal basis (ej, ,, e3) is chosen in &;.
Moreover, we denote by 7' the representative matrix of any 2-tensor T with respect
to the basis (e;, >, €3).

First, we will prove that the decompositions are unique. In fact, using the matrix
notation, if F = R'U’ = V'R’ are any other two decompositions, we obtain

FTF — U/R/TR/U/ — U/2
so that, from Theorem 1.8, U’ is uniquely determined and coincides with (1.87);.

Consequently, R” = F(U’)™" = FU™' = R and then V' = R'U'RT =
RURT =V,
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To prove the existence, we note that the tensor C = F TF is symmetric and
positive definite. Therefore, Theorem 1.8 implies that U exists and that it is the only
tensor satisfying the equation U? = C. Choosing R = FU ™!, we obtain F = RU.
The following relations prove that R is a proper rotation:

RTR=U-'FTFU~ =U~'0U~" = 1,
detR =det FdetU~! > 0.

Finally, the second decomposition is obtained by taking V = RURT. O

1.11 Higher Order Tensors

The definition of a Euclidean second-order tensor introduced in the previous section
is generalized here to Euclidean higher order tensors. A third-order Euclidean
tensor or, in short, a 3-tensor, is a mapping
T: 83 X 53 —> (‘:3,
which is linear with respect to each variable. The Levi—Civita symbol introduced
by (1.34) is an example of a third-order tensor.
If a basis (e;) is introduced in &3, then for all u, v € £, we have the relation
T(u,v) = T(uie,»,vjej) = uiva(ei,ej),
from which, introducing the notation
_ Tk
T(e;.e;) = Tjey,
we also have
T(u,v) = Thu'v/e. (1.88)
The tensor product of the vectors u, v, w is the following third-order tensor:
U® vV WwXy) =uv-x)(w-y) Vx,y € &;. (1.89)

From (1.23), Eq. (1.88) becomes

T(u,v) = Ti];(ei ‘u)(e/ -v)e, = T,»];ek Re e (u,v),
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so that, from the arbitrariness of vectors u, v, we obtain
T=Tie e Qe (1.90)

Relation (1.88) can be written using different types of components of the tensor T.
For example, recalling the definition of reciprocal basis, we derive

T= T;kel e e =T""e, e, Qe = Tpyef @e! e,
where

lk _ lipk Imk __ _li ;mjk _ k
T;" =g"T;, T =g"g" Ty, Tpgr = &pik Ty,

denote the different components of the tensor.
A third-order tensor can be also defined as a linear mapping

T: & —> Lin(&), (1.91)

by again introducing the tensor product (1.89) as follows:

uR VR WwWE) = (W-X)u®Vv.
In fact, from the equation
Tu = u' Te;
and the representation
Te; = T,.jkej ® e,
we derive

T=T¢e, e ®¢.

Finally, a 4th-order tensor is a linear mapping T : & x & x & —> & o,
equivalently, a linear mapping T : Lin(€;) — Lin(&3). Later, we will prove that,
in the presence of small deformations of an elastic system, the deformation state
is described by a symmetric 2-tensor Ej,, while the corresponding stress state is
expressed by another symmetric tensor 7j,. Moreover, the relation between these
two tensors is linear:

I}
Thk = (Ch’Z Elm s

where the 4th-order tensor (CZ’Z is called the linear elasticity tensor.
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1.12 Euclidean Point Space

In this section a mathematical model of the ordinary three-dimensional Euclidean
space will be given. A set E,, whose elements will be denoted by capital letters A4,
B, ..., will be called an n-dimensional affine space if a mapping

f:(A,B) € E,x Ey — f(A,B)=AB € &,, (1.92)

exists between the pairs of elements of E, and the vectors of a real n- dimensional
vector space &,, such that

1.
— —
AL = —BA.
AB = AC + CB: (1.93)

2. forany O € E, and any vector u € &,, one and only one element P € E, exists
such that

—>

P =u (1.94)

Then the elements of E, will be called points; moreover, the points A, B of E, that

correspond to E}, are called the initial and final point of E}, respectively.

A frame of reference (O, e;) in an n-dimensional affine space E, is the set of a
point O € E, and a basis (e;) of £,. The point O is called the origin of the frame.
For a fixed frame, the relation (1.94) can be written as

—_ .
OP =u'e;, (1.95)

where the real numbers u' denote the contravariant components of u in the basis
(e;). These components are also called the rectilinear coordinates of P in the frame
(0, e;). In order to derive the transformation formulae of the rectilinear coordinates
(Sect. 1.1) of a point P € Ej for the frame change (O, e;) — (O’,¢€}), we note
that

_— = =

OP =00+ O'P. (1.96)
Representing the vectors of (1.96) in both the frames, we have

i I 1j
u'e; = uye +u/ej,
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where u’b, denote the coordinates of O’ with respect to (O, e;). Recalling (1.25),
from the previous relation we derive

W =uly + Aul . (1.97)

Finally, if £, is a Euclidean vector space, then E, is called a Euclidean point
space. In this case, the distance between two points A and B can be defined as
the length of the unique vector u corresponding to the pair (A, B). To determine
the expression for the distance in terms of the rectilinear coordinates of the above
points, we note that, in a given frame of reference (O, e;), we have:

AB = A0 + OB = OB — 04 = (uy — u, e, (1.98)

where u', u', denote the rectilinear coordinates of B and A, respectively. Therefore,
the distance | A B| can be written as

AB| = \Jgij uy — )@ty — ), (1.99)

and it assumes the Pitagoric form

|AB| = (1.100)

when the basis (e;) is orthonormal.

1.13 Exercises

1. In Sect. 1.3 the vectors of dual basis have been defined by (1.18). Then, it has
been proved that

ol
-ej —8]-.

Prove that, this condition, in turn, leads to (1.18).

Hint: If we put ¢ = AVe;, then from the above condition we obtain
Mgy = 8.
2. Prove that (1.38) is equivalent to the following formula
u w? u?
(uxv)-w=g|v ¥

wh w? w?
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In particular, verify that the elementary volume dV of the three-dimensional
Euclidean point space in the coordinates (y') can be written as follows

dVv = Jgdy'dy*dy’.

3. Prove the invariance under base changes of the coefficients of the characteristic
equation (1.64). Use the transformation formulae (1.53) of the mixed compo-
nents of a tensor.

4. Using the properties of the cross product, determine the reciprocal basis (e ) of
(e),i =1,2,3.

The vectors of the reciprocal basis (e’) satisfy the condition (1.19)

i Y
e-e; =14,

which constitutes a linear system of n? equations in the n?> unknowns repre-
sented by the components of the vectors e'. For n = 3, the reciprocal vectors
are obtained by noting that, since e' is orthogonal to both e, and e3, we can
write

el = k(e x e3).
On the other hand, we also have
1

e -e =k(e;xe;)-e =1,

so that

= €] € Xe3.

| =

Finally,
e = ke, xe;, e =kesxe, e =ke xe,.

These relations also show that k = 1 and the reciprocal basis coincides with
(e;), when this is orthonormal.

5. Evaluate the eigenvalues and eigenvectors of the tensor T whose components
in the orthonormal basis (e;, ,, €3) are

241 |. (1.101)

The eigenvalue equation is

Tu = Au.
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This has nonvanishing solutions if and only if the eigenvalue A is a solution of
the characteristic equation

det(T — AI) = 0. (1.102)
In our case, the relation (1.102) requires that

4—1 2 —1
det 2 4—-1 1 =0,
-1 1 3—-A

corresponding to the following third-degree algebraic equation in the
unknown A:

A3+ 1102 =341 +24 =0,
whose solutions are
AM=1 Ay=4, A;=06.

The components of the corresponding eigenvectors can be obtained by solving
the following homogeneous system:

Tu; = A" u;. (1.103)
For A = 1, Eq. (1.103) become

Bu; +2uy —uz =0,
2uy + 3uy +uz =0,
—u; + ur + 2uz = 0.

Imposing the normalization condition
uju; = 1
to these equations gives

1 1 1
U =—, U=—— Uz =——.
1 ﬁ 2 ﬁ 3 ﬁ

Proceeding in the same way for A = 4 and A = 6, we obtain the components
of the other two eigenvectors:

(112) (1 10)
6 V6 6/ V2 )

\9)
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10.

11.

From the symmetry of T, the three eigenvectors are orthogonal (verify).

Let u and A be the eigenvectors and eigenvalues of the tensor T. Determine the
eigenvectors and eigenvalues of T~!.

If u is an eigenvector of T, then

Tu = Au.

Multiplying by T~!, we obtain the condition

T 'u= —u,
A

which shows that T~! and T have the same eigenvectors, while the eigenvalues
of T~! are the reciprocal of the eigenvalues of T.

. Let

gn=gn=1gp=0,

be the coefficients of the scalar product g with respect to the basis (ej, €;);
determine the components of g in the new basis defined by the transformation
matrix (1.101) and check whether or not this new basis is orthogonal.

Given the basis (e, e;, e3) in which the coefficients of the scalar product are

g =8n=8x3=2,8120=¢813 =83 =1,

determine the reciprocal vectors and the scalar product of the two vectors u =
(1,0,0) and v = (0, 1, 0).
Given the tensor T whose components in the orthogonal basis (e, e;, e3) are

100
0111],
023

determine its eigenvalues and eigenvectors.

Evaluate the eigenvalues and eigenvectors of a tensor T whose components are
expressed by the matrix (1.101), but use the basis (e;, €;, e3) of the Exercise 6.
Evaluate the component matrix of the most general symmetric tensor T in the
basis (ey, ;, e3), supposing that its eigenvectors u are directed along the vector
n = (0,—1, 1) or are orthogonal to it; that is, verify the condition

n-u=-—u +u; =0.

Hint: Take the basis formed by the eigenvectors €| = (1,0,0), ¢, = (0,1, 1)
and n.
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12.

13.

14.

15.

1 Elements of Linear Algebra

An axial vector u transforms according to the law
— J
u; = :|:Al- Uj.

Verify that the vector product u X v is an axial vector when both u and v are
polar and a polar vector when one of them is axial.

Let E, be a Euclidean n-dimensional vector space. If u is a vector of E,,
determine the linear map

P:En_)En»

such that P(v) -u = 0, Vv € E,,. Determine the representative matrix P of Pin
a basis (e;) of E,,.

Hint: The component of v along u is u-v so that P(v) = v—(u-v)u = v—uQ®u-v.
Let S and T be two endomorphisms of the vector space E,. Let W be the
eigenspace belonging to the eigenvalue A of T. If S and T commute, i.e., if
ST = TS, prove that S maps W into itself. Furthermore, S maps the kernel of
T into itself.

Hint: If T(u) = 0, then TS(u) = ST(u) = 0 so that S maps ker T into itself.
Now, W is the kernel of T — AL. S commutes with this mapping if it commutes
with T. Recalling what has just been shown, S maps W into itself.

Let S and T be 2-tensors of the Euclidean vector space E,. Suppose that both

S and T admit n simple eigenvalues. Denote by A, ..., A, the eigenvalues of
S and with (1) the corresponding basis of eigenvectors. Finally, we denote by
At,..., A, and (u;) the eigenvalues and the basis of eigenvectors of T. Prove
that the bases (u;) and (u;) coincide if and only if S and T commute.
Hint: Ifuw; = w;,i = 1, ..., n, we have that
(ST —TS)u; =
AI‘SU,‘ — X,Tui =
Xidi —Aidi =0, (1.104)
so that
ST-TS =0. (1.105)

If S and T commute, we can write what follows
TSll,' = STlll‘ = /\,-Su,-,

and Su; is an eigenvector of T belonging to the eigenvalue A;. But A; is simple
and the corresponding eigenspace is one-dimensional. Therefore, Su; = Au;
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16.

17.

and we conclude that any eigenvector of T is also an eigenvector of S. Repeating
the above reasoning starting from STu;, we prove that any eigenvector of S is
also an eigenvector of T.

Taking into account the results of Exercises 14 and 15, extend the result of
Exercise 15 when both the 2-tensors S and T on the vector space E, are
symmetric and they still admit bases of eigenvectors but their eigenvalues are
not simple. In other words, prove that when the symmetric 2-tensors T and S
are symmetric and have bases of eigenvectors, T and S commute if and only if
they have at least a common basis of eigenvectors.

Hint: We have already proved in the Exercise 15 that if T and S have a common
basis of eigenvectors, then they commute. Denote by W; the vector subspace of
eigenvectors belonging to the eigenvalue A; of T and let n; be the dimension
of W;. If A1, ..., A, are all the eigenvectors of T, itis W) + --- + W, = E,.
Further, we have already shown that if T and S commute, then the restriction of
S to W¥; is an endomorphism of W;. Since this restriction is symmetric, it admits
a basis of eigenvectors of WW;, that are also eigenvectors of T belonging to A;.
These results hold for any subspace W; and the problem is solved.

Let E, be a Euclidean vector space and denote by V), a m-dimensional vector
subspace of E,. It is evident that the vector set

W={wekE,:w-u,YueV,}

is a vector subspace formed by all the vectors that are orthogonal to all the
vectors of V,,. Prove that E,, is the direct sum of V,, and W.
Hint: It has to be proved that

s V(W =0;
* Anyu € E, can be written asu = v + w, where v € V,, and w € W are
uniquely determined.

In fact, if u € V,, () W, then it is w - u = 0 so that u = 0. Further, denoting by
(e;),i =1,...,m,abasis of V,,, for any u € E, we define the vectors

V=Z(u-e,~)ei, w=u-—V (1.106)

i=1

where the vector w € W since w-v = (u—v)-v = 0. If another decomposition
of u exists, we have that

u=v4+w=v +w,
that is
w-w=v-V.

Butw —w e W andv —V € V,,. Since they are equal, they coincide with 0.
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18. Prove that the map
PB:uekE, >vel,,
where v is given by (1.106), is linear, symmetric and verifies the condition
B2 =1.

The map ‘P is called the projection map of E, on V,,.

1.14 The Program VectorSys

Aim of the Program VectorSys

The program VectorSys determines, for any system X of applied vectors, an
equivalent vector system X’ and, when the scalar invariant vanishes, its central axis.
Moreover, it plots in the space both the system ¥ and ¥, as well as the central axis.

Description of the Problem and Relative Algorithm

Two systems X = {(4;,V;)}i=1..,» and X’ = {(Bj,W;)}j=1... m of applied vectors
are equivalent if they have the same resultants and moments with respect to any pole
O. It can be proved that ¥ and X’ are equivalent if and only if

R=R Mp =M}, (1.107)
where R, R’ denote their respective resultants and Mp, M/, their moments with
respect to a fixed pole P.

The scalar invariant of a system of applied vectors X is the scalar product

I =M;p -R, (1.108)

which is independent of the pole P.If R # 0, then the locus of points Q satisfying
the condition

My xR =0 (1.109)
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is a straight line parallel to R, which is called the central axis of X. Its parametric
equations are the components of the vector *

MPXR
u=———

Rz + 1R, (1.110)

where P is any point of & and R is the norm of R.

It is possible to show that any system X of applied vectors is equivalent to its
resultant R, applied at an arbitrary point P, and a torque equal to the moment M p
of ¥ with respect to P. Moreover, there are systems of applied vectors which are
equivalent to either a vector or a torque (see [52,64]).

More precisely, the following results hold:

I.IfI =0

(a) and R # 0, then the system X is equivalent to its resultant R applied at any
point A of the central axis;

(b) and R = 0, then the system X is equivalent to any torque having the moment
Mp of ¥ with respect to P.

2. If I # 0, then the system X is equivalent to its resultant R applied at any point
P and a torque with moment Mp.

A system of applied vectors is equivalent to zero if for all P € %> we have
R=Mp =0.

Command Line of the Program VectorSys

VectorSys([A ,V_,P ]

Parameter List
Input Data
A =list of points of application of the vectors of %;

V = list of components of the vectors of ¥;
P = pole with respect to which the moment of X is evaluated.

3Equation (1.110) is a direct consequence of (1.109) and the formula

Mo=Mp+(P—-—0)xR VO,Pe®R.
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Output Data

equivalent system X';
central axis of X;

plot of ¥;

plot of ¥';

plot of the central axis of X.

Worked Examples

1. Let ¥ = {(A;,V)}i=1.. 3 be the following applied vectors system:

Al = (05 1,0),V] = (150’ l)s
Ay =(1,0,0),v2 = (2,1,0),
A3 = (0,1,2),v3 = (3,0,0).

and let P = (0,0,0) be the pole with respect to which the moment of X is

evaluated.

To apply the program VectorSys to X, we input the following data:

A = {{o, 1, o}, {1, o, 0o}, {0, 1, 2}};

v = {{1, o, 1}, {2, 1, o}, {3, 0, 0}};

p = {0, 0, 0};

VectorSys[A, V, P]

The corresponding output is*

The vector system is equivalent to the resultant R =

{6, 1, 1} applied at P and a torque Mp = {1, 6, -3}.
2. Consider the system ¥ = {(4;,V;)};=1.2, where

Al = (07 1’0)7 Vl = (170’0)7
Ay =(0,—-1,0),v, = (—1,0,0)

and a pole P = (0,0,0).

To apply the program VectorSys, we input

A = {{o, 1, o}, {0, -1, 0}};

v = {{1, o, o}, {-1, 0, 0}};

p = {0, 0, 0};

VectorSys[A, V, Pl

The corresponding output is

The vector system is equivalent to the torque Mp =
{o, 0, -2}.

“Due to space limitations, the graphic output is not displayed in the text.
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3. Let P = (0,0,0) be the pole and let ¥ = {(A4;,V;)}i=12 be a vector system,
where

A =(1,0,0),v; = (0,1,0),
A =(2,0,0),v, = (O,—1/2,0).

Input:
A

{{z, o, 0}, {2, 0, 0}};

v = {{o, 1, 0o}, {o, -1/2, 0}};
P = {0, 0, 0};
VectorSys[A, V, P]
Output:
The central axis is identified by
x(t) = 0,
t :
y(t) = E, Vte EH
x(t) =0

and the system is equivalent to the resultant R =
t

0,5, 0} applied at any point of the central axis.

4. Let ¥ = {(A;,v;)}i=1, be a vector system with

A = (1,0,0),v; = (0,1,0),
A, =(2,0,0),v, = (0,1,0),

and the pole at the origin.

Input:

A = {{1, o, 0o}, {2, 0o, 0}};

v = {{o, 1, o}, {o, 1, 0}};

P = {0, 0, 0};

VectorSys[A, V, P]

Output:

The central axis is identified by
x(t) = —i,

y(t) = 2t, Vte N

X(t) = Ol

and the system is equivalent to the resultant R =
{0,2, 0} applied at any point of the central axis.
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Exercises

Apply the program VectorSys to the following vector systems:
L. 2 ={(4;,vi)}i=1,.. 3, where
A1 =(0,1,0),vi = (1,0, 1),
4> =(1,0,0),v2 = (2,1,0),
A3 =(2,0,3),v3 = (3,0,0).
2. ¥ = {(4i,Vi)}i=1.- 4, Where
Al = (O’ 1»0)9V1 = (]90» 1)9
A2 = (11070)!‘]2 = (_27 ls 3),
A3 =(2,1,0),v3 = (1,3,-1),
A4 = (lv 39 1)7 V4 = (_17 _27 4)
3. Z = {(4;,Vvi)}i=1.2, Where

A1 =(0,0,1),v; =(1,0,0),
A; =(0,0,0),v, = (—1,0,0).

4. ¥ = {(A;, Vi) }i=1.- 3, where
Al = (1703 0)7 Vl = (19070)9
A, =(1/2,0,1),v, = (0,1,0),
A3 =(0,1,0), v3=(0,0,1).
5. % = {(4;,Vi)}i=12, Where

A; = (0,0,0),v; = (1,0,0),
A> = (1,0,0), v, = (—1,0,0).
1.15 The Program EigenSystemAG

Aim of the Program EigenSystemAG

The program EigenSystemAG evaluates the eigenvalues of a square matrix and
determines the algebraic and geometric multiplicity of each of them as well as the
corresponding eigenspace.
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Description of the Algorithm

Given the mixed components Tl-j of a 2-tensor T, the program determines the
spectrum and the characteristic space of each eigenvalue.

Command Line of the Program EigenSystemAG

EigenSystemAG [matrix]

Parameter List
Input Data

matrix =mixed components of a 2-tensor.

Output Data

the eigenvalues and their algebraic and geometric multiplicities;
the eigenspaces relative to each eigenvector;
an eigenvector basis when the tensor can be put in a diagonal form.

Worked Examples

1. Consider the square matrix

1101
1010
0010
0101

To apply the program, it is sufficient to input the following data:
matrix = {{1,1,0,1},{1,0,1,0},{0,0,1,0},{0,1,0,1}};
EigenSystemAG [matrix]

The output is

Algebraic and geometric multiplicity of distinct
eigenvalues:

A1=0: AlgMult =2, GeoMult =1
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Eigenspace relative told;: Vi={{0,—1,0,1}}.

A,=1: AlgMult =1, GeoMult =1

Eigenspace relative tol;: Vy,={{-1,0,1,0}}

A;=2: AlgMult =1, GeoMult =1

Eigenspace relative tol;: V= {{2,1,0,1}}.

The matrix cannot be reduced to a diagonal form!

2. Consider the symmetric 2-tensor
11
T = .
(i2)
To find an eigenvector basis with respect to which T is diagonal, the program
EigenSystemAg can be used as follows:
matrix = {{1,1},{1,2}};
EigenSystemAG [matrix]
The output is
Algebraic and geometric multiplicity of distinct
eigenvalues:
1

A= E(3 —4/5): AlgMult =1, GeoMult =1

1
Eigenspace relative toAi;: V;= %%5(—l—wﬂﬁ,1}}

1

o= 5(3 ++/5): AlgMult =1, GeoMult =1

1
Eigenspace relative toAl,: V,= %{5(—1+xﬂ5,1%}
The matrix is diagonal in the basis of its
eigenvectors:

1 1
Bi= % {5(—1—6), 1} ) %5(—14'«/5), 1} } .
Exercises

Apply the program EigenSystemAG to the following 2-tensors:

0000
1010

.T= ;

0010
0101
110

.T=1010];

010
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1000
0100
0010
0001
1000
0000
0100
0000

45



Chapter 2
Vector Analysis

This chapter is dedicated to the extension of the ordinary differential calculus to
general curvilinear coordinates in a Euclidean point space. After defining the metric
in general coordinates, the Christoffel symbols are introduced to define the covariant
derivative of any tensor field in general coordinates. All these concepts are applied
to derive the expressions of the differential operators (gradient, divergence, curl,
and Laplacian) in any system of coordinates. Then, the above results are analyzed
in coordinates that are often used in the applications. Gauss’ and Stokes’ theorems
are extended to vector fields that exhibit a jump in their derivatives across a surface
(singular surface). The fundamental Hadamard’s theorem is proved for this singular
surfaces. The last sections contain exercises and the presentation of the program
Operator, written with Mathematica® [69], which allows the user to obtain by
computer all the results exposed in this chapter.

2.1 Curvilinear Coordinates

Let (O,u;) be a frame in the Euclidean three-dimensional space Ej3. At the
beginning of Chap. 1, we stated that any point P € [Ej is defined by its linear
coordinates (#') with respect to the frame (O, u;); moreover, these coordinates

coincide with the contravariant components of the position vector u = OP in the

basis (u;).
Let
= oty y? i =1,2,3 2.1
w=fLyhy), =123 (2.1)
© Springer Science+Business Media New York 2014 47
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be three functions of class C!(D) in the domain D C %>, and let D’ C %3 be the
image of D under the functions f. Suppose that

1. these functions generate a bijective correspondence between D and D';
2. the inverse functions

yi — gi(ul,MZ’u3)’ i =1,2,3.

are also of class C! in D’.

In particular, these conditions imply that the Jacobian determinant of the
functions f*' does not vanish at any point of D:

o'
det| — 0. 2.2
(55) # 2
If the functions f are linear,
W =y + Ai-yj,

and det(A;) > 0, then the relations (2.1) define a linear coordinate change in Ej3,
see (1.97), relative to the frame change (O, u;) — (O’,u}); in this case, D and D’
coincide with 03,

More generally, when the functions f are nonlinear and the variables y' are
used to define the points of E3, we say that curvilinear coordinates (y') have been
introduced in the region Q2 C Ej.

The coordinate curves are those curves of E3 whose parametric equations are
obtained from the functions (2.1) by fixing two of the variables y' and varying the
third one. From our hypotheses, it follows that three coordinate curves cross at any
point P € ; moreover, the vectors

ou/
() 2.
¢ (3yl)Pu] @3

are linearly independent, since from the condition
)Lie,- = 0,

we have
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The independence of the vectors u; leads to the following homogeneous system:

o ou
Al (L) =0, j=1203,
ay!

which, from (2.2), admits only the trivial solution A! = A2 = A3 = 0. The three
vectors (e;) that are tangent to the coordinate curves at P form the natural or
holonomic frame (P, e;) at P for the space Ej.

We note that in Cartesian coordinates the base vectors are unit vectors, tangent to
coordinate curves. In nonorthogonal coordinates the natural base vectors are tangent
to coordinate curves, but in general are neither unit vectors nor orthogonal to each
other.

In addition to transformations from linear coordinates to curvilinear coordinates,
it is useful to consider the transformations from curvilinear coordinates (y*) to other
curvilinear coordinates ('), which are defined by regular bijective functions

Y=yt y2 y?), i=1,2,3. (2.4)

Once again, the hypothesis that the functions (2.4) are bijective implies

ay/i
det ( ayf) > 0, (2.5)

at any regular point. If ' = fi(y/), u' = f"(y"/), and y/ = y/(y") denote,
respectively, the coordinate changes (y') — ('), (") — '), (") — ("),
the chain rule gives

o’ . oul dy"
ay/j - 8yh ay/j'

When the condition (2.3) is taken into account, this relation becomes

oyh
¢ = #eh. 2.6)

Then we can conclude that as a consequence of a coordinate transformation y'/ =
y'7 (y"), the natural basis at P transforms according to the law (2.6); that is, the
matrix of the base change coincides with the Jacobian matrix of the inverse functions
yo=yom).

From the results of Chap. 1, it follows that the relation between the components
of any vector v at P, with respect to the bases e; and e/, is expressed by the following
formulae:

Vi= 2 2.7)
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All the considerations of Chap. 1 can be repeated at any point P of E3, when
curvilinear coordinates are adopted, provided that the natural basis at P is chosen.
For instance, the inner product of the vectors v = vie; and w = w'e; applied at
P(y") is written as

vew =g (" in/, 2.8)
where the functions

3 ouh du

— 2.9)
i 0 0y

gij(yh) =€ -€e; =

denote the inner products of the vectors of the natural basis at P. It should be noted
that, in curvilinear coordinates, the inner products (2.9) depend on the point; that is,
the quantities g;; are functions of the coordinates (y*). Also in this case, the (local)
reciprocal bases can be defined by the positions

e =gle;, (2.10)
where (g'/) is the inverse matrix of (g;;).

The square of the distance between two points with coordinates (') and (' +
du') in the orthonormal frame (O, u;) is given by

3
ds* =) (du')’.
i=1

Differentiating (2.1) and taking into account the relations (2.9), we obtain
ds® = g (y"dy'dy’. 2.11)

The functions g;; (y") are called metric coefficients in the curvilinear coordinates
(»"). From (2.6), in the coordinate change y’/ = y’/(y"), the metric coefficients
transform according to the rule

;O oy
8ij = Ay’ y’i

8hk- (2.12)

2.2 Examples of Curvilinear Coordinates

Let

u' =rcosg,

2

) (2.13)
u” =rsing,
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Fig. 2.1 Bases in polar coordinates

be the transformation from polar coordinates (r, @) to Cartesian coordinates (u', u?)
in the plane E,. These functions are regular and bijective for all (r,¢) € D =
(0, 00) x [0,2) and for all (u', u?) € D’, where D’ denotes E, without the origin.
At any point of D, the Jacobian matrix J is written as

__[cosg —rsing

_(sinfp rcosgo)’
and its determinant is given by r > 0. The coordinate curves, obtained by fixing
either ¢ or r in (2.13), are the half-lines going out from the origin, without the
origin itself, as well as the circles with their centers at the origin and radius r (see
Fig. 2.1).

In the frame (O, u;, u;), where u;, and u, are unit vectors along the axes ou!

and Ou?, respectively, the tangent vectors in polar coordinates are

e = cos@u; + sing uy,
e = —rsingu; + rcospuy,

so that the metric coefficients are
2
gn=e-e =1, gn=-=e-e =0, gn==¢€-e=r",
and the metric becomes

ds* =dr* +r’dg’.
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Fig. 2.2 Bases in spherical coordinates

More generally, let

u' =rcosgsiné,
u?> = rsingsin6, (2.14)
u? = rcosb,

be the transformation from spherical coordinates (r, ¢, 6) to Cartesian coordinates
(u',u?,u?). These functions are regular and bijective for all (r,¢,0) € D =
(0,00) x [0,2m) x [0, 7) and for all (u',u? u’) € D’, where D’ is E3 without
the origin (Fig.2.2). At any point of D, the Jacobian matrix is written as

cospsinf —rsingsinf rcosgcosf
J =] singsinf rcosgsinf rsingcosb
cos 0 0 —rsinf

and its determinant is —r>sinf # 0. The coordinate curves are respectively the
half-lines going out from the origin and different from Ou?, the circles with center
at the origin and radius r lying in the plane ¢ = const. (the meridians), and
finally, the circles with center (0, 0, r cos 6) and radius r (the parallels). In the frame
(0O,u;,uy,u3), where u, up, and u3 are unit vectors along the axes Ou', Ou?, and
Ou?, the components of the tangent vectors to these coordinate curves are given by
the columns of the Jacobian matrix

€]

cos @ sinfu; + sing sin6 uy + cos 6 us,
e, = —rsingsinfu; + rcos ¢ sin 6 u,,
e; = rcosgcosfuy + rsingcosfu; —rsinf u;,
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the metric coefficients are
gun=e-e =1 gpn=e-e=g3=¢e-€ =0,

gn=e-e=0, gn=-e e =r’sin’0, (2.15)

_ _ 2
833 =€3-€3 =717,

and the square of the distance between two points becomes
ds®> = dr?® + r’sin® 0d¢? + r’d6>.

We leave the reader to verify that in the transformation from cylindrical
coordinates to Cartesian coordinates,

u' =rcosg,
Wt = rsing, (2.16)
w =,

we have

cosp —rsing 0
J=|sing rcosp O0],detJ =r,
0 0 1

e; =cos@u; + sing uy,
e = —rsingu; + rcospuy,
€3 = U3,

gn=e-e=1gp=e-e=gp3=e - e =gp3=0,
gn=-¢e-e=r’ gy=e e =1,
ds® = dr? + r2de* + (du?)2.

2.3 Differentiation of Vector Fields

A vector field is a mapping v : P € U C E;3 — v(P) € &; which associates a
vector v(P) to any point P belonging to an open domain U of Ej. If (y') denotes a
curvilinear coordinate system in U and (P, e;) is the associated natural frame (see
previous section), we have v(P) = v/ (y")e; in U. The vector field v is said to be
differentiable of class C* (k > 0) in U if its components v’ (y") are of class C¥.
For the sake of simplicity, from now on the class of a vector field will not be stated
because it will be plain from the context.
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If f : U — N is a differentiable function of the coordinates y’, then the
gradient of f is the vector field

Vf=fie=g"fe, (2.17)

where the short notation df /0y’ = f.; has been used. We can easily verify that the
definition (2.17) is independent of the coordinates, since the quantities appearing
as covariant or contravariant components in (2.17) have the right transformation
properties.

It has already been noted at the beginning of this chapter that the natural frame
(P, e;) depends on the point P € U. In view of the next applications, it is interesting
to evaluate the variation of the fields e; along the coordinate curves; that is, the
derivatives €;,;. From (2.3), we have

e = ipuy, (2.18)

so that, if the Christoffel symbols I‘l.kh are introduced by the relations
e = Llyer, (2.19)
then the derivatives on the left-hand side will be known with respect to the basis
(e;), provided that the expressions of Christoffel symbols have been determined. In
order to find these expressions, we note that (2.18) and (2.19) imply the symmetry of

these symbols with respect to the lower indices. Moreover, the relations ; -e; = g;;
give the equations

&ij.h = €, € + € -€j,p
which, from (2.19), can be written as

gijn = &kl + gk Ty (2.20)
Cyclically permuting the indices i, j, & the other relations are obtained:

8hirj = gtkr;lfj + ghkrilj"
y J 2.21)
gini = &L + &Ly

Adding the Eq. (2.21); to (2.20) and subtracting (2.21),, we derive the following
formula:

1 .
th = Egll (8ijsh + &hisj — &jhsi)- (2.22)
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Finally, the condition e/ - e; = 81-] implies that
e/, -e+e -e,;,=0
or
e e = —I‘l:/h.

This relation shows that the opposites of the Christoffel symbols coincide with the
covariant components of the vector field e/ ,;; consequently,

e/, =—T/e. (2.23)

Consider any vector field v = v*e; expressed in the curvilinear coordinates (y’).

Then a simple calculation shows that relation (2.19) implies
— (K k1
v, = (0 —i—Fth )ex. (2.24)

If the field v is written in the form v = vie* and (2.23) is taken into account,
then instead of (2.24) we obtain

Vo = vin =L, vi)ek. (2.25)

To extend (2.24), (2.25) to any Euclidean second-order tensor field T, it is
sufficient to use one of the possible representation formulae

T= Tklek Xe = T,kek ® e = Tklek ® ¢
to derive

T = (TF5+ T8, T T ThHe @ ¢, (2.26)
T = (T —Tpy Tt — Ty Tip)e* @ €.

All of these derivative formulae reduce to the ordinary ones when Cartesian
coordinates are used, since in these coordinates the Christoffel symbols vanish.
The covariant derivative of the vector field v is the second-order tensor field

Vv =v,, Qe = (v, + Flkhvl)ek ® e

2.27
= (Vk.n — F]ihvl)ek ® el ( )
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Similarly, the covariant derivative of a second-order tensor field T is the third-
order tensor field defined as follows:

VI =T, ®¢". (2.28)
We note that relations (2.22) and (2.26); imply that
g.,=0, Vg =0. (2.29)

To generalize these elementary concepts, we introduce the divergence of the vector
field v in the following way, see (2.24):

Vov=vy e =y 4Tk (2.30)

More generally, the divergence of a second-order tensor field T is given by the
vector field

V-T=T, ¢ = (T} +ThTr 4+ T, T")e. 2.31)
Now, the identity
; 1
"=z (V2) - (2.32)
where
g = det(gij),

can be proved starting from (2.20) and the relation

ag i
2 = ggl,
3&‘/’

which, in turn, will be shown in Sect. 3.7; in fact,

1 _ 1 1 og _1 ij
ﬁ(\/g)’ (zfagl] gl]h) = Zg &ij.h

g’ (gjkrikh + gikrj‘{h)

ﬂl

(leh + Fjjh) = leh

N = N =
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By using the relation (2.32), we can write the divergence of a vector or tensor
field in the following equivalent forms:

V-v:L(\/Evh),h,

ﬁl hl I h 233)
Vurz(igggTﬂm+TmTp)q
Let us introduce the skew-symmetric tensor field
VWw—- (VW =v,, ® el — vV ® e,
Recalling (2.27)3 and the definition of transpose tensor (1.42), we have
Vv — (VW) = (v —TL el ® € — (e —TL, vl @ €f
= (ko — ik )€k ®@ €.
The axial vector!
L ik
Vxv=——€"" (Vic,y — Vi )€ (2.34)

NG

is called the curl of v. A simple mnemonic device for deducing the components
of V x v is obtained by noting that the components coincide with the algebraic
complements of e, e;, e3 in the matrix

€] € €3
d 9 0

ay! dy* ay?
Vi V2 V3

It is well known that the curves x’ () that are solutions of the system

dxt . .

A

7 (x7)
are called integral curves of the vector field v. Moreover, in analysis it is proved
that the directional derivative of a function f along the integral curves of the vector
field u is expressed by the formula

Tt is worth noting that all the previous definitions are independent of the dimension of the space,
whereas the definition (2.34) of curl refers to a three-dimensional space.
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af _

T —uVf=u " (2.35)

Similarly, the directional derivative of the vector field v along the integral curves
of u is defined as the new vector field

% =u-Vv. (2.36)

Applying (2.27) to v, we find that the previous definition assumes the following
form:

% _— ( w4 Tl ey, 2.37)

Finally, the Laplacian of f is the function
Af =V-Vf (2.38)

It is easy to verify from (2.17), (2.30), and (2.32) that the Laplacian of f can be
written as follows:

Af = = (VB £ ) 2.39)

SI

where, as usual, g = det(g;;).

2.4 The Stokes and Gauss Theorems

In this section the following notations are introduced: f : U —> R is a function of
class C! in an open region U of %? or %*, C C U is any domain having a regular
boundary dC, and (u') are Cartesian coordinates relative to the frame (O, u;). In
analysis the famous Gauss’s theorem is proved:

/ f cosnu'do :/ fii dc, (2.40)
aC C

where cosnu' is the cosine of the angle between the external unit vector n
orthogonal to dC and the unit vector u; along the axis u'. Applying the previous
formula to any component with respect to (O, u;) of a vector field v and adding the
relations obtained, we derive the vector form of Gauss’s theorem:

/ V~nd0=/V-vdc. (2.41)
ac c
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o0

Fig. 2.3 Stokes theorem

Similarly, applying formula (2.40) to the components 7!, T2, T3 of a tensor field
and adding the results, we have

/ deUz/V-Tdc. (2.42)
ac c
Another remarkable result is expressed by Stokes’s theorem:
/ v-tds:/va~nd0, (2.43)
do o

where o is a regular surface having a regular boundary do, t is the unit vector tangent
to the curve do, and n is the external unit vector orthogonal to o. The orientation on
do (that is of t) is counter-clockwise with respect to n (see Fig. 2.3).

2.5 Singular Surfaces

Let C be a compact domain of E3 having a regular boundary dC, let o be a regular

oriented surface, and let n be the unit vector normal to 0. We suppose that o divides

C into two regions C~ and C T, where C T is the part of C containing n (Fig.2.4).
Let ¥ (P) be a function of class C'(C — o) with the following finite limits:

P—>1ri,nI}eC+ v(P) =y, P—>1ri.n1}€C_ v(P) =y ()

for all r € . The functions ¥+ (r), ¥~ (r) are supposed to be continuous on o. If
the jump of ¥ (P) in crossing o,

[yl =y * (@) -y~ (.

does not vanish at some points r € o, then the surface o is called a zero-order
singular surface for .
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Fig. 2.4 Singular surface

Similarly, when [[{/]] = 0 on o, and the limits

+ —
lim a—W(P) = (a—w) (r), lim a—W(P) = (a—w) (r),

P—>r, PeCct 0X; ox; P—>r. PEC— 0X; ax;

exist and are continuous functions of the point r € o, the surface o is called a
first-order singular surface for V if, at some points of o, the jump below does not

vanish:
W] = () 0- ()
ox; — \ox; 0x; ‘
At this point, the meaning of a k-order singular surface for i should be clear.

Moreover, in the previous definitions ¥ can be regarded as a component of a vector
or tensor field.

Theorem 2.1 (Generalized Gauss’s Theorem). If o is a zero-order singular
surface for the vector field v(P) of class C'(C — o), then the following result holds:

/8Cv-Ndc7 =/CV-VdC +/U[[V(P)]]-nda, (2.44)

where N and n denote the vectors normal to dC and o, respectively; moreover, n
lies in the region Ct.

Proof. In our hypotheses Gauss’s theorem is applicable to both the domains C~
and CT:

/ V~Nd0+/v_(r)-ndo=/ V.vdC,
dC——o o -
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Fig. 2.5 Generalized Stokes theorem

/ V-Nda—/v+(r)-nda=/ V.vdC,
ICt—o o c+

where we note that at any point of dC~ N o we have N = n, while on dC* N o we
have N = —n. Formula (2.44) is obtained by adding the two previous relations. O

A similar formula can be proved for a tensor, starting from (2.42):

/acn-Tdo=/CV-TdC—|—/Un-[[T(P)]]d0. (2.45)

To generalize Stokes’s theorem, we consider a vector field v(P) for which o is
a zero-order singular surface, together with a regular surface S contained in C and
intersecting o along the curve y.

The following theorem holds (see Fig. 2.5):

Theorem 2.2 (Generalized Stokes’s Theorem). Ifo C C is a zero-order singular
surface for the vector field v(P), then for any surface S C C,S N o # @, we have

/ V-tds=/va-NdS+/[[v]]-rds, (2.46)
E) s y

where N is the unit vector normal to S and t is the unit vector tangent to the curve
y, which is oriented in such a way that its orientation appears counter-clockwise
with respect to N, applied at a point of 3S N CT.

Proof. Formula (2.46) is proved by applying Stokes’s theorem (2.43) to both the
surfaces S~ = SNC~ and ST = SN C™ and subtracting the results obtained. O
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The following theorem is due to Hadamard:
Theorem 2.3 (Hadamard). If ' is a function of class C'(C — o) and o is a first-
order singular surface for V¥, then on any regular curve y of o we have

T-[[Vy]] =0, (2.47)

where T is the unit vector tangent to y.
Proof. Let r(s) be the equation of y and let f(4,s) be a one-parameter family of

curves contained in C~ such that

Ali_r)nof()t,s) = £(0, s) = r(s).

From the properties of i, on any curve f(A, s), where A is fixed, we obtain

dy of

—— (4. 5)) = =4, 9) - VY (f(A.5)).

ds as

The following result follows from the continuity of all the functions involved, when

A — 0

dy~
ds

(x(s)) =7-Vy(r(s)) .

Similar reasoning, starting from C*, leads to the corresponding relation

dvt
() = 7 Yy )

and the theorem is proved by taking into account the condition ¥ * = ¥~ ono. O

Relation (2.47) is usually referred as the geometric compatibility condition for a
weak discontinuity of the field ¥. This condition states that if [[/]] = 0, then only
the normal derivative can be discontinuous, and the term geometric emphasizes the
fact that this condition does not depend on the actual motion of the discontinuity.
This is formally expressed by the following theorem.

Theorem 2.4. In the hypotheses of the previous theorem, we have
[Vy]lr =a(r)n Vreo. (2.48)

Proof. In fact, if y is any regular curve on ¢ crossing the point r, from (2.47)
it follows that [[Vy]]; is orthogonal to any tangent vector to ¢ at the point r.
Consequently, either [[V]], vanishes or it is orthogonal to o. |
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If ¥ is a component of any r-tensor field T at r, and o is a first-order singular

surface of T, then from (2.48) we have
[VT]: =n®a(r) Vreo,

where a(r) is an r-tensor.
In particular, for a vector field v the previous formula gives

[[VV]l: =n®a(r),

[[V-vllr =n-a(r),
[[V xV]lr =nxa(r),

where a(r) is a vector field on 0.

(2.49)

(2.50)

If o is a second-order singular surface for the function v of class C%(C — o) and

formula (2.50); is applied to Vi, we derive

v 1N_
Haxjax,-ﬂ -

But the derivation order can be inverted, and we also have

apnj; =daj;n;,
so that

a; _ aj -1

n; n;

and a@; = An;. Consequently, the relation (2.51) becomes
[VV¥]lr = n ® n(A(r)).
More generally, for any r-tensor T, we have
[VVT] =n®n® A(r),

where A(r) is an r-tensor field.

2.6 Useful Formulae

(2.51)

(2.52)

(2.53)

It often happens that a practical problem of continuum mechanics exhibits symmetry
properties which suggest the use of particular coordinate systems. For instance,
if the problem exhibits cylindrical symmetry, it is convenient to adopt cylindrical
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coordinates; on the other hand, if the symmetry is spherical, it is convenient to adopt
spherical coordinates, and so on. Therefore, it is useful to determine the expressions

for divergence, curl, and the Laplacian in these coordinate systems.

Here we limit our discussion to orthogonal curvilinear coordinates, so that the

metric is written as

ds* = gll(dyl)2 + gzz(dy2)2 + g33(dy3)2.

Noting that the inverse matrix of (g;;) has the form

— 0 0
g11
€H=10 — 0 |,
822
1
0O 0 —
833
from (2.17) we obtain
10
Vf= —lef.
gii 0)"
Moreover, if we introduce the notation
h = g1182833,

then the relation (2.33); becomes

and (2.34) gives

Finally, from (2.39) we derive

1 9 1 9
af = oot (Vi 5).
Vh 0y gii 0y’
The curvilinear components of a vector or tensor do not in general have all the
same dimensions as they do in rectangular Cartesian coordinates. For example, the

(2.54)

(2.55)

(2.56)

(2.57)

(2.58)
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cylindrical contravariant components of a differential vector are (dr, d9, dz), which
do not have the same dimensions. In physical applications, it is usually desirable to
represent each vector component in the same terms as the vector itself, and for this
reason we refer to physical components. In a general curvilinear coordinate system,
the physical components of a vector at a point are defined as the vector components
along the natural base vectors, so that we introduce at any point a local basis a;
formed by unit vectors which are parallel to the vectors e; of the natural basis,
that is,

a, = e; (no sum over i); (2.59)

1)
similarly, we introduce vectors a’ parallel to the vectors e’ of the dual basis:
ai = gii ei .

Since these bases are formed by unit vectors, the components of any tensor field with
respect to them have a direct physical meaning. We remark that generally these new
bases are not natural; that is, there exist no curvilinear coordinates (x’i) of which
(a;) are the natural bases. In other words, we are not searching for the expressions
for divergence, curl, and the Laplacian in new curvilinear coordinates, but rather we
wish to write (2.56), (2.57), and (2.58) in terms of the components with respect to
the basis (a;).

First, since (a;) is an orthonormal basis, it coincides with the reciprocal basis and
there is no difference between covariant and contravariant components of any tensor
with respect to it:

V= \‘z’a,- = 1_11‘3,'.
From the identity
Tia
v=va =ve

and (2.59), we obtain (no sum over i)

N N 260

It is easy to verify, starting from (2.59) and (2.60), that in the new basis (a;), we
can write (2.27), (2.55), (2.56), and (2.57) as

vy LY
J8ii 9y’

a;, (2.61)
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1
Vev=—

N

| —

0 _ 0 _
W (vg22g33 Vl) + W (vg11g33 Vz)

9 (2.62)
+ e (Vgng2 \73):| ;

Uy ﬁ (8(«/5 V3) 8(¢§T§ 92)) JEia
% (3(«/8_1 V1) 3({3&’? Vs)) T (2.63)
1 3(@ ) 8(JgT 1)
i/ ( dy? ) Ve 8.
Vv = ! —————— (V& %) s — T /2k ) a" ® al, (2.64)

8hh A/8l1

while (2.58) remains the same.

2.7 Some Curvilinear Coordinates

This section is devoted to the description of some curvilinear coordinate systems,
usually used to solve some problems characterized by specific symmetry properties.
In Sect. 2.2, we described polar, spherical, and cylindrical coordinates; in this
section, we evaluate some differential formulae of functions, vectors, and 2-tensors
with respect to the basis (a;).

For the other curvilinear coordinates described here,” we will present only the
formulae that transform them to Cartesian coordinates as well as the plots of
coordinate curves.” However, all the other metric characteristics and the differen-
tial formulae in these coordinates can be easily obtained by using the program
Operator in the package Mechanics, which will be described in the last section
of this chapter.

Generalized Polar Coordinates

The curvilinear coordinates (r, ¢), related to Cartesian coordinates (u1 , uz) by the
functions
1

u =racosy,

w?> =rbsing, a,be Rt

2Except for the generalized polar coordinates, all the other ones are orthogonal.

3These plots have been obtained by the built-in function ContourPlot of Mathematica® [69].
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Fig. 2.6 Generalized polar coordinates

are called generalized polar coordinates (see Sect. 2.2). The coordinate curves are
the half-lines coming out from the origin (see Fig. 2.6)

au?

tango = W

as well as the ellipses

The vectors tangent to the coordinate curves are

e =acospu + bsinguy,
e; = —rasingu; + rbcospuy,

where (u;,u,) represent the unit vectors along the axes Ou' and Ou?, respectively.
Consequently, the metric matrix becomes

a®cos? ¢ + b2sin @ r sin ¢ cos ¢ (b2 — a2)
7 sin ¢ cos ¢ (b2 — az) r? (b2 cos? ¢ + a’sin® (p) '

Since gj» = g21 = rsingcos @ (b2 - az), the natural basis and the angle between
e; and e, vary with the point; moreover, this angle is generally not a right angle.
Finally, the nonvanishing Christoffel symbols are

1
lez =-r 1—‘122 ==
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We note that, when ¢« = b = 1, the transformation above reduces to the polar
transformation (2.13).

Let F be any function, let v be a vector field, and let T be a 2-tensor. If the
components are all evaluated in the unit basis of a polar coordinate system, then the
following formulae hold:

oF 10F
VF = —a| + ——ay,
or r dg
AF 10 oF n 1 9*F
= —-_—— r— —_—
ror or ] r2 g2’
19(rv,) 10v,
Viv= - g A
v r o or +r 0
VT_la(T) 1oty 1. 7.
=l Ty dg ve | <1
10(0T,) 10 1
- (T ~T,,
|:r ar ra(w)—i_r(ﬂ a2

Cylindrical Coordinates

Let P’ be the orthogonal projection of a point P(u', u?, u*) onto the plane x> = 0,

and let (r, ) be the polar coordinates of P’ in this plane (see Fig. 2.1). The variables
(r, 0, z) are called cylindrical coordinates and are related to Cartesian coordinates

(u',u?, u?) by the equations

u' =rcosé,
u? = rsin,
w =

By using the results of the previous sections, it is possible to evaluate the
following expressions for the differential operators in the unit basis {a; };=; >3 that
is associated with the natural basis {e; };=1 3 (see Sect. 2.2):

oF 10F oF

VE=Za +-Za,+ &
ar T g T
AF 10 oF 1 9*F *F
= —_—— r— S — —_—,
ror or r2 962 072
V.vo 19(rv,) 10vg v,
VEY e T ree T
Vxvo 1dv, vy a v, v, a
V= r 06 0z ! 0z ar |

N 10(rvg) 10v,
roor r a6 )
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19 10Ty, 9T, 1
V-T=|-—=(0T: - — T
|:r Br(r )+r 20 + 0z r 90j|31

1 0Ty 0T 10 1
-+ =+ =0T, ~Toy,
|:r a0 + 0z +r8r(r 0)+r 9i|az

o, 19 1 9T,
- —a Tr __(‘ b
[ 0z TrarUTP o5 }33

where F,v, and T denote a scalar, vector, and 2-tensor whose components are
evaluated in (a;).

Spherical Coordinates

The spherical coordinates (see Sect. 2.2) (r,0,¢) are connected to Cartesian
coordinates by the relations

u' = rsinfcos @,
u? = rsinfsing,
w? = rcosb,

and the differential operators in the unit basis are

oF 1 dF 1 oF
VF=—aj+-——a+———
r T T T i ag ™ ,
19 [ ,0F 19 IF I _oF
AF = 5 —(rP— |+ 5= |sinf— | + 5—5->7.
2 or \' 8r) T 76 90 (Sm 89) T e a2
_ 1 d(r<v,) 1 a . 1 av‘l’
=2 o T remeae SOt G0,
1 9 . dvg
Vxv= — (@ (V,pSIHQ)—%)aI

L 1 av, 3(rvy) 1(d(rvg) v,
+;(Sin9 do  or a2+;( or _ﬁ)a}

We omit the very long expression of V- T, which can be obtained by the program
Operator.
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Fig. 2.7 Elliptic coordinates

Elliptic Coordinates

Let P, and P, denote two fixed points (—c, 0) and (c, 0) on the u!-axis. Let r; and
7, be the distances from P; and P, of a variable point P in the plane Ou'u?. The
elliptic coordinates are the variables

s_r1+r2 r1—rzz
2¢ 2c )

where £ < 1 and —1 < n < 1. These variables are related to Cartesian coordinates
by the following relations (see Fig. 2.7):

u' = ckn,
P =c/E-D-m). cef
w =z

Parabolic Coordinates

The parabolic coordinates (£, 1, z) are related to Cartesian coordinates (u', u?, u?)
by the relations (see Fig. 2.8)
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-15C70l = 015"

-1

Fig. 2.8 Parabolic coordinates

Fig. 2.9 Bipolar coordinates

Bipolar Coordinates

The transformations

| asinh &
w=—
(cosh& —cos )
2= asmnn aeN
(cosh & —cosn)’
uw =z,

define the relation between the Cartesian coordinates (ul, u?, u3) and the bipolar
coordinates (£, 1, 7) (see Fig. 2.9).
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Prolate and Oblate Spheroidal Coordinates

The transformation equations

ul = cétn,

w=c(E2-1)(1—n?cosp, ceNR
w=cy/(82—1)(1—n?)sing,

where
E>1, —-1<n<1, 0=<¢<2m,

express the relation between prolate spheroidal coordinates (¢, 1, ¢) and Cartesian
coordinates (u', 1%, u?).

Similarly, the oblate spheroidal coordinates (&, 1, ¢) are defined by the follow-
ing transformation formulae:

u' = cénsing,
w=c/(E2-1)(1—-n?), ced
u = cEncosg,

with the same conditions on &, , and ¢.

The spheroidal coordinates in the space are obtained by rotating the ellipses
of Fig. 2.7 around one of its symmetry axes. More specifically, if the rotation is
around the major axis x, then the spheroidal prolate coordinates are generated; if
the rotation is around the minor axis y, then the coordinates are called oblate. To
conclude, we note that the spheroidal coordinates reduce to the spherical ones when
the focal distance 2¢ and the eccentricity go to zero.

Paraboloidal Coordinates

The variables (&, , ¢), defined by the functions

u' = Encosg,
u? = £nsing,

1
w = 5(52 - 772),

are called paraboloidal coordinates. These coordinates are obtained by rotating the
parabolas of Fig. 2.8 around their symmetry axis x.
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2.8 Exercises

1. Write formulae (2.54)—(2.63) in cylindrical and spherical coordinates by using
the results of Sect. 2.2.

2. Find the restrictions on the components of a vector field u(r, ¢) in order for it
to be uniform (Vu = 0) in polar coordinates (7, ¢).

3. Verify that V x V f = 0 for any function f and that V - V x u = 0 for any
vector field u.

4. Determine the directional derivative of the function x> — xy + y? along the
vector n = i + 2j, where i and j are unit vectors along the Cartesian axes Ox
and Oy.

5. Determine the directional derivative of the function x> — xy + y? along the
parametric curve x = cos¢@, y = sin¢.

6. Using the components, prove that

V(Fv) =v-VF + FV .v,
V x Vu = VVu — Au,
Vxuxv)=v-Vu—vV.-u+uVv—u- Vv

Hint: About the first formula we have that
fijh(Fuh)vj = Gith,j up + eiththj = Feijhvhvj —GithhF,j .

7. Verify that the volume V' enclosed by the surface o with unit normal vector n
can be written as

1
V= E/V(rz)-ndo,

where r2 = x;x; and n is the external unit vector normal to .
Hint: Note that

V=/dV=l/V-rdV=1[r-nda,
y 3Jy 3Js

where r is the position vector of a point of V or o relative to an arbitrary
origin O.
8. With the notation of the previous exercise, prove that

VI:/r®ndo,

where I is the identity matrix. Further, prove the formula of the above exercise
starting from this result.
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10.

11.
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Hint: We have that

dox;
/X,’ﬂde’Z idV:S,]/dV
o Vaxj v

In Cartesian coordinates prove that

/ FVXV-NdU:/VF-vadV,
v 14

where N is the exterior unit normal to the boundary 9V of the volume V and F
is a smooth function.
Hint: From Gauss’s theorem we have that

/ Gi_/kFVk,_/‘N,' dCT = /(ka,j)’i dV
v v
= /(Giij,in,j + e Fve ji)dV.
v
By Gauss’ theorem prove that
/ nx (axr)do =2aV,
W

where n is the exterior unit normal to the boundary dV of the volume V and a
is a constant vector.
Let S be a regular surface defined by the parametric equations

r = r(ul,uz),

where r is the position vector of the points of S in the Euclidean point space
E; and u!, u? are curvilinear coordinates on S. It is well known that the two
tangent vectors to the coordinate curves on S

ar

Ay = e’

a=1,2,

at any point r € S form a basis of the tangent space to S at r. The area do of
the infinitesimal parallelogram formed by the infinitesimal vectors du'a; and
du’a, is given by

do = |a, x ay|du'du?.
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12.

13.

14.

Prove that
do = Jadu'du?,
where
a = det (aaﬂ) . Qgp = Ay - ag.

Resorting to the result of the above exercise, prove that the area of a sphere (see
Sect. 2.2)

X =rcosgsinb,

y = rsingsin#,

z=rcosb,
is 4mr?.
Let Oxy a Cartesian frame of reference in the plane and denote by R the
rectangle [0, a] x [0, b] and by i, j the unit vectors along the axes Ox and Oy,
respectively. Verify the Gauss theorem for the plane vector field

v =xy% + yx?

in the rectangle R.
Hint: Since V - v = y2 + x2, we have that

a pb
1
/ V.vdV = / / (x2 4+ y?) dxdy = =(a®b + ab?).
R o Jo 3
On the other hand, along dR the unit normal n has the components

0,-1), (1,0), (0,1), (-1,0).

Consequently, it is

b 0
1
/ v~ndl:/ ayzdy—/ bx*dx = =(a*bh + ab?).
aR 0 a 3

Let C a circle with its center at the origin of polar coordinates (r, ¢) having
radius a. Verify the Gauss theorem applied to C and the vector field:

vV =re, + Ccos pe,,

where e, and e, are the vectors of the holonomic basis.
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Hint: The metric writes ds?> = dr?+r2d¢?; in this basis the unit vector normal
to dC has components (1, 0). Therefore, we can write

2 2
/ v-ndl =/ gi_,-v"nj dl =/ adp =2mna.
ac 0 0

Finally, it is

1 1 0
Vv ——((/gV)+ —— v’)
Tear VB F (e
=2 —sing.

2.9 The Program Operator

Aim of the Program

When a transformation from curvilinear to Cartesian coordinates is given, the pro-
gram Operator evaluates the Jacobian matrix of this transformation, the vectors
of the natural basis, the metric coefficients, and all the significant nonvanishing
Christoffel symbols. Moreover, if the curvilinear coordinates are orthogonal, then
all the differential operators are evaluated with respect to the unit basis for functions,
vector fields, and 2-tensor fields. In particular, if all these fields are assigned in
Cartesian coordinates, but we wish to find the operators in curvilinear coordinates,
then the program first supplies the components in these coordinates and then
evaluates the expressions for the operators. Finally, fixing for the input parameter
characteristic the attribute symbolic, the program gives all the differential
operators in symbolic form, without making explicit the functional dependence of
the components on the curvilinear coordinates. In all other cases, the parameter
characteristic has the attribute numeric.

Description of the Algorithm

The program uses the theory presented in the previous sections to determine both
the geometric characteristics and the differential operator expressions of functions,
vector fields, and 2-tensor fields.
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Command Line of the Program Operator

Operator [tensor, var, transform, characteristic, option,
simplifyoption]

Parameter List
Input Data

tensor = {}, {function}, or components of a vector or 2-tensor field in the
unit basis associated with the curvilinear coordinates var or in the Cartesian
coordinates {Xx, y, z};

var = curvilinear or Cartesian coordinates;

transform = right-hand side of coordinate transformation from curvilinear
coordinates var to Cartesian coordinates, or of the identity transformation;
characteristic = symbolic or numeric. The first choice is adopted
when the functional dependence of the fields on the variables var is not given,
and in this case the output is symbolic. The second choice refers to other cases.
option=metric, operator,orall. The program gives outputs relative to
metric characteristics of the curvilinear coordinates, to differential operators of
tensor, or to both of them.

simplifyoption = true or false. In the first case, the program gives
many simplifications of symbolic expressions.

Output Data

Jacobian transformation matrix;

natural basis;

metric matrix;

inverse of the metric matrix;

Christoffel symbols;

unit basis associated with the natural one;
gradient and Laplacian of a scalar field;
gradient, divergence, and curl of a vector field;
gradient and divergence of a 2-tensor field;
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We have already said that the input datum transform represents the right-hand
sides of the transformations from curvilinear coordinates var to Cartesian coordi-
nates. In the program, the latter are expressed by the letters x, y, z. Consequently,
the program fails if the input parameter option is equal to operator, all, or
if the introduced coordinates invert the orientation of one or more Cartesian axes.
To overcome this difficulty, we can choose variables in transform which are
different from the corresponding Cartesian ones. For example, if we wish to evaluate
the differential operators of the function F' in parabolic coordinates, which have the
transformation equations

_l 2 &2
=&,
=_Za

N ®

in the case where the orientation of z-axis is inverted, the previous transformation
can be written as

Ly o
—2(n £%),
= £&n,
= —k.

N2 R

Moreover, we recall that the program does not evaluate the differential operators
when the curvilinear coordinates are not orthogonal. In this case, it gives only the
geometric characteristic.

Worked Examples

1. In order to determine the metric characteristics of the elliptic coordinates {&, 1, z}
(see Sect. 2.7), it is sufficient to input the following data:
tensor = {};
var = {&, n, z};

transform = {cfn, c/(E2-1DA-n?), z};

characteristic = symbolic;

option = metric;

simplifyoption = true;

Operator [tensor, var, transform, characteristic,
option, simplifyoption]
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The program gives the following output:
Jacobian matrix

cn c& 0

1—n? | 1-¢
cé 5 —Cn > 0

-1+ -1+

0 0 1

Natural basis

2

1—7
1te

1-—¢°
_1+772u2

e; = cnu; —c

e, =cfu; —cy

€3 = U3
Metric matrix

o)

. 0 0
—1+£

2 (772 _ 52) .

_1+772
0 0 1

Inverse metric matrix

-1+ z§—2
YA Ern 0 0

-1 2
0 il

2
(r-5)
0 0 1
Christoffel symbols

E(m*—1)
(E*—1)(° —n?)
n
n? —§&°
E(5 —1)

(> —1) (% —n?)
n(n*—1)
(E*—1)(n* -¢%)

3
(& —n?)
2 — n (52 B l)

2o -1) (-8

Unit basis

0

1 _
1—‘11_

1 _
1—‘12_

1 _
1—‘22_

2 _
1—‘11_

2
1—ﬂ12_
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/—1+
ay = —————+#§ 77
-n’+§ +E
—1+§
/_1+$
Ay = —F/——
17— _77 +E
az = U3z

. Evaluate the gradient and the Laplacian of the function

F=x>+xy+ )%

in the unit basis associated with the polar coordinates. To use the program
Operator we input the following:

tensor = {x®+xy+v?};

var = {r,¢};

transform = {rCosfy¢], rSin[¢]};

characteristic = numeric;

option = operator;

simplifyoption = true;

Operator [tensor, var, transform, characteristic,
option, simplifyoption]

In output we obtain

The function F=x?+xy+y? in the coordinates {r,¢}
is written as F = r?(1 + Cos[p]Sin[¢])

Differential operators

Gradient

VE = (r(2 + sin[2<p]))

rCos|[2¢]
Laplacian

AF =4

. Let {£,7n,k} be parabolic coordinates and let F' be any function depending

on these coordinates. The program Operator allows us to calculate both
the geometric characteristic of the coordinates {&,n,k} and the gradient and
Laplacian of F by introducing the following data:
tensor = {F};
var = {&,1n,k};
1
transform = {5(52—»n5,§n,—k};
characteristic = symbolic;
option = all;
simplifyoption = true;
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Operator [tensor, var, transform,
option, simplifyoption]

We obtain this output:
Jacobian matrix

E-n 0
né& 0
00 —1

Natural basis

e = fu +nu
e, = —nu; +&u,
e; = —Us
Metric matrix
e+ 0 0

0 E 4720

0 0 1
Inverse metric matrix
1

- 0
£+

& 4
0 0 1
Christoffel symbols

§
& +p?
n

1
l_‘ll_

r: =
I

3
ry, ———°
S
_n
&+

3

2 e
1—*ll_

r2, =
S
2 N
Cg 4

Unit basis

a, = ] u; + L
VE +n? VE +n?

n EVSZ‘Fnzuz
- o+
VE +n?
us

Uz

dy, = —

az = —

characteristic,

Differential operators for the function F [§,n, k]
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Gradient

;aé[];]

&+ P

_
VE + P
[ F]

Laplacian
(% + n?)de[F] + 8,2 [F] + 0g2[F]

VF = 5]

AF = .
£ +n?

Exercises

1. Apply the program Operator to the coordinates introduced in Sect. 2.7 to
determine their geometric characteristics.

2. Using the program Operator, evaluate the differential operators of any scalar,
vector, or 2-tensor field both in Cartesian coordinates and those of Exercise 1.

3. Evaluate the gradient and Laplacian of the function F = x> + xy + y% + z in
Cartesian and spherical coordinates.

4. Determine the differential operators of the vector field v = re, + cosge, +
sin 6 ey in spherical coordinates.

5. Evaluate the differential operators of the tensor {{x,y},{x,y}} in polar
coordinates.



Chapter 3
Finite and Infinitesimal Deformations

This chapter contains the fundamental definitions and theorems relative to finite and
infinitesimal deformations of a continuous system. Starting from the deformation
gradient, the rotation tensor, right and left stretching tensors are defined making
clear their use in defining the different aspects of deformation. Then, the left
and right Cauchy—Green tensors are introduced with a complete analysis of their
invariants. Starting from the displacement gradient, the infinitesimal deformations
are defined. Finally, the compatibility conditions of a deformation are analyzed.
After a section of exercises, the chapter ends with the introduction of the program
Deformation, written with Mathematica® [69].

3.1 Deformation Gradient

Let S be a three-dimensional continuous body and let R = (O, e;) be a rectangular
coordinate system in the Euclidean space E3 (see Chap. 1). Moreover, let Cy and C
denote two configurations of S at different times. Any point of S in the reference
configuration C,, identified from now on by the label X, is called a material point;
the same point in the actual or current configuration C is identified by the position
x and is called a spatial point. Furthermore, (x;) and (X ), withi, L = 1,2, 3, are
respectively the spatial and material coordinates of the particle X in (0, e;).!
When a rectangular coordinate system is adopted (g;; = J;;), the position of
indices is immaterial since the covariant and contravariant components coincide.

"From now on, capital indices are used to identify quantities defined in C, while lowercase indices
identify quantities in C.
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84 3 Finite and Infinitesimal Deformations

A finite deformation from C to C is defined as the vector function
x = x(X) (3.1)

which maps any X € Cy onto the corresponding x € C.

In order to preserve the basic property of matter that two particles cannot
simultaneously occupy the same place, we require that x(X) # x(Y) if X # Y,
for all X, Y € Ci, so that (3.1) is a diffeomorphism preserving the topological
properties of the reference configuration.

In terms of coordinates, (3.1) is equivalent to the three scalar functions

xi =x;(Xp), (3.2)

which are assumed to be of class C!, together with their inverse functions. It follows
that the Jacobian must be different from zero:

8x,»
J = det (m) # 0. (3.3)

More particularly, it is supposed that?

detF > 0. (3.4
Differentiation of (3.2) gives
Bxi
dx; = —dX, 3.5
Xi 8XL L ( )

so that, at any X € Cy, a linear mapping is defined, called the deformation gradient
in X. It is identified by the tensor

ax;
F=(F) = (%) , (3.6)

which maps the infinitesimal material vector dX, emanating from X, onto the
corresponding vector d’x, emanating from x(X). In particular, if F does not depend
on X € Cy, then the deformation is called homogeneous. Note that the linear
mapping (3.6) locally describes the body deformation when passing from C to C.
To make this more explicit, we start by noting that, due to condition (3.3), Cauchy’s
polar decomposition Theorem 1.10 can be applied: it is always possible to find a
proper orthogonal matrix R (i.e., RRT = RTR = I) and two symmetric and positive
definite matrices U and V such that

2This hypothesis will be motivated in the next chapter.
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F = RU = VR. (3.7

In order to explore the meaning of this decomposition, we start with (3.7);. The
matrix U is a linear mapping in X i.e., it maps the vector space at X into itself,
whereas R defines an orthogonal mapping of vectors in X into vectors in x(X).
For this reason, the second one is sometimes referred to as a two-point tensor (see
Sect. 3.6).

Because U is symmetric and positive definite, its eigenvalues A; are real and
positive, with corresponding mutually orthogonal eigenvectors (u;). In addition,
the mapping R transforms orthonormal bases in X into orthonormal bases in x(X),
so that, if dX = dX u; and e, = R (u;), then

dx = FdX = RU(dXLllL) = ALdXLRllL
= AidX e; + A dXse, + Azd Xzes.

Therefore, the vector dx has components (A;d X1, A,d X>, A3d X3) relative to the
basis (e;) and the following is proved:

Theorem 3.1. In the deformation Cx — C, the elementary parallelepiped dC.
which has a vertex at X and edges (dX uy, d X0y, dX3u3) parallel to the eigen-
vectors (uy) of U is transformed into the parallelepiped at X(X) in three steps:
stretching any dX | of dC« of the entity A ; transporting the element obtained with
a rigid translation in x(X); and finally rotating A dXu; under R, in order to
superimpose this edge on the axis (ep).

We observe that in any rigid translation the rectilinear components of a vector
are not affected, whereas they change for a curvilinear coordinate change, due to the
local character of the basis. This topic will be addressed in more detail in Sect. 3.9.

The decomposition expressed by (3.7); allows the introduction of the following
definitions:

R = rotation tensor,

U = right stretching tensor,

V = left stretching tensor,

A1 = principal stretching in the direction ofu, ,
u; = principal direction of stretching.

We recall how the tensors U and R can be represented in terms of F (see
Theorem 1.8):

U = VFTF, R=FU". (3.8)
The meaning of (3.8); is that the matrix U is represented, in the basis of the

eigenvectors (uz) of FTF, by the diagonal matrix U’, having as diagonal terms the
square roots of the eigenvalues of F'F.
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The matrix U relative to any new basis (e ) is given by the transformation rule
U=AUA",

where A is the matrix representing the transformation (uy) —> (ey) (i.e., & =
Aixwg; Uij = AinA i UJL).

In any case, the evaluation of the matrix U is not easy, since its components are, in
general, irrational (see Exercise 1). By inspecting (3.8);, we see that it may be more
convenient to use the matrix FTF directly, rather than U. Furthermore, we note that
since F includes effects deriving from both the deformation and the rigid rotation R,
its use in constitutive laws is not appropriate, due to the fact that no changes in the
state of stress are due to a rigid rotation.

These issues indicate the need to introduce other measures of deformation.

3.2 Stretch Ratio and Angular Distortion

Let dx be an infinitesimal vector in C corresponding to d X in Cy. The simplest (and
most commonly used) measure of the extensional strain of an infinitesimal element
is the stretch ratio (or simply stretch). This measure depends on the direction of the
unit vector u, of dX and is expressed by the scalar quantity

dx
Su, = ﬁ, (3.9)

while the quantity

ldx| — |dX|
Oy, -1 = ———— 3.10
defines the longitudinal unit extension (always along the direction of u.).

Moreover, the change in angle ®;, between two arbitrary vectors d X; and d X5,
both emanating from X € Cy, is called the shear y;, and it is defined as

Y12 = O — 012, (3.11)
where 0, is the angle between dx; and dx; in C corresponding to dX; and dX,.

The right Cauchy-Green tensor (Green, 1841) is defined as the symmetric
tensor

(3.12)
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By taking into account (3.8);, we see that it is also
c=U, (3.13)

so that C is a positive definite tensor with the following properties:

Theorem 3.2. 1. The stretch ratio in the direction of the unit vector W, and the
angle that two arbitrary unit vectors Wy and Uy assume during the deformation
are given by

Su, = vy - Cuy, (3.14)

g - Cuyg .
’
\/u*] * CU*I\/u*z * Cu*2

cos O, = (3.15)

2. The tensors C and U have the same eigenvectors; the eigenvalues of C are equal
to the squares of the eigenvalues of U;

3. The components Cp correspond to the squares of the stretch ratios in the
direction of the unit vectors of the basis (er), whereas Cry, L # M, are
proportional to the sine of the shear strain between e;, and ey.

4. Finally, the eigenvalues of C are equal to the squares of the stretch ratios in the
direction of the eigenvectors.

Proof. Let dX = |dX]uy; then from (3.9), (3.6), and (3.12), it follows

, _dx-dx _ |dX[*u,-Cu,
o dXP? ldX|?

)

so that (3.14) is proved. In a similar manner, given dX; = |dX;|us; and dX, =
|d X3 | s, it follows that

dX] -dXz _ |dX1| |dX2|ll*] . Cll*z
|dx,||dx,]| |dxl||dX2|\/u*1'CU*I\/U*Z'CU*Z,

cos By, =

which proves (3.15).

The property (2) has been proved in Theorem 1.8.

The property (3) can easily be proved as a consequence of (3.14) and (3.15), if
in these relations we assume that u,; = e; and us, = e,,, and recall that Cp, =
e; - Cey. O

We will also make use of the left Cauchy-Green tensor (Finger, 1894):

3)6,' 8)6]‘

B =FF =RUR" =B" =V?, P R By
T Xk 0Xk

(3.16)
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It is of interest to prove the following theorem:

Theorem 3.3. The tensors B and C have the same eigenvalues, the eigenvectors of
C are obtained by applying the rotation R” to the eigenvectors of B.

Proof. If uis an eigenvector of C corresponding to the eigenvalue A ¢, then
Cu=U%= Acu,
so that
RU’R” (Ru) = A¢ (Ru)
and finally
B(Ru) = A¢(Ru).

On the other hand, if v is an eigenvector of B corresponding to the eigenvalue A g,
then

Bv = RU?R”v = Ay,

which proves the theorem. O

In order to highlight the physical meaning of the tensors C and B, we observe
that the Cauchy—Green tensor gives the square length of the element dx in which
the original element d X is transformed:

dl*> = dX - CdX. (3.17)
Conversely, the tensor B™! = (F~')”F~!, which has Cartesian components
L 0Xg Xk
U 8)Ci ij ’

(Cauchy, 1827), gives the initial length of the element dx
di? =dx-B 'dx. (3.18)

In addition to the formulae (3.14) and (3.15) giving the stretch ratios and
the angle changes, it is of practical interest to derive the following expressions,
which relate the change of an infinitesimal oriented area do ., defined in the
initial configuration, to the corresponding infinitesimal oriented do in the deformed
configuration, as well as the change in volume from dCy into dC:

do =Ndo = J (F") Nudo = J (F) do., (3.19)
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de = Jdc, (3.20)

where N, and N are the unit vectors normal to do, and do, respectively.

To prove (3.19), consider two infinitesimal vectors dx and dy both emanating
from x € C. The area of the parallelogram with edges dx and dy is given by the
length of the vector

do = Ndo = dx x dy.
In terms of components, this is
do; = Nido = €jjrdx;dyr = €jjx Fjp Fxmd X1 d Yy
and, multiplying by F, we obtain
FixgNido = €;jx Fix Fjp FepydX 1 dYy .
The definition of determinant allows us to write
Jegim = €k Fik Fip Frm,
so that the previous relation becomes
FixNido = JegppydX dYy.
Finally, it follows that
Nido =J (F7")

Ki E[(LMdXLdYM =J (F_l)Ki N*Kdd*,

where €k ) is the permutation symbol.
Relation (3.20) follows directly from the rule of change of variables in multiple
integrals.

3.3 Invariants of C and B

As we showed in Chap. 1, we recall that

1. the eigenvalues of a symmetric tensor are real and they are strictly positive if the
tensor is positive definite;
2. the characteristic spaces of a symmetric tensor are mutually orthogonal.
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It follows that the eigenvalues of C and B are real and positive. Furthermore, the
characteristic equation of C is written as

A —TcAN>+ TIcA—1T11c =0, (3.21)

where the coefficient I¢, IIc, I11c, are the first, second, and third principal
invariant of the tensor C, i.e., they are quantities independent of the basis in which
C is expressed:

Ic =t C=Cy + Cxp + Cs3,

Ci Clz) (Cu C13) (sz C23)
Il = det + det + det ,
¢ (C21 Cy Cs1 Ca3 Cs C33

I11c = detC. (3.22)

In particular, if the eigenvectors of C are selected as basis vectors, then the matrix
representing C is diagonal, and (3.22) can also be written as

Ic = A+ Ay + As,
IIc = AjAs 4+ AAs + AyAs,
I11c = A AyAs, (3.23)

Moreover, C and B have the same eigenvalues so that:

Ic = Ip,
Ile = Iy,
I = Il (3.24)

3.4 Displacement and Displacement Gradient

The deformation process of a continuous body S as it passes from the initial
configuration C, to the current configuration C can also be described by considering
the displacement field u(X), defined as

u(X) = x(X) - X. (3.25)

If the displacement gradient tensor

H = Vu(X) = (;XLL) (3.26)
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is introduced, then from (3.25) it follows that
F=1+H. (3.27)

A common measure of the deformation is given in this case by the Green—
St.Venant tensor (Green, 1841; St.Venant, 1844)

G:%m—nch (3.28)

This tensor gives the change in the squared length of the material vector dX, i.e.,
d)?* = (dl)* =2dX;G;dX;.

By taking into account the definition (3.12) of C and the Eq. (3.27), we find that
the Green—St.Venant tensor also assumes the form

1
G=E+§WH, (3.29)
where

E=_(H+H") (3.30)

1
2
is the infinitesimal strain tensor.

The main properties of the tensor G are expressed by the following theorem:

Theorem 3.4. 1. Both tensors G and C have the same eigenvectors; if A are the
eigenvalues of C, then G has eigenvalues equal to (A — 1) /2.

2. The squares of the stretch ratios of elements initially parallel to the coordinate
axes are equal to 2Gp + 1; the components Gy (L # M) are proportional
to the angle between the deformed elements that were initially parallel to the
coordinate axes.

Proof. Property (1) follows from the definitions. To prove (2) it is enough to
recall (3.14), (3.15), and (3.28), so that
83 = Cii =1+2Gy,
Co  _ 2G;
VCiCn U +2G)(1 +2Gn)

cos Oy, =

Finally, the following relationships hold between the invariants of G and B:

21 = Ip -3,
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Al =115 —21p + 3,
8111 = 1115 —IIp+ I5—1,
Iy = 2IG + 3,
I1g = 411G + 41 + 3,
I115 =811+ 411G + 21 + 1.

3.5 Infinitesimal Deformation Theory

The deformation C, — C is defined to be infinitesimal if both the components of
u and Vu are first-order quantities, i.e., the squares and products of these quantities
can be neglected.

We observe that F, C, and B — I when u — 0, whereas H, G, and E — 0 if
u—0.

From (3.29), in the case of infinitesimal deformations we have

G ~E, (3.31)

where the sign ~~ indicates that the quantities on the left-hand side differ from the
quantities on the right-hand side by an order greater than |u| and |Vul|.

As far as the meaning of the linearized deformation tensor E are concerned, the
following theorem holds:

Theorem 3.5. The tensors E and U have the same eigenvectors (and the same
applies to C and B)*; these eigenvectors identify the principal axes of deformation.
The longitudinal unit extension in the direction parallel to the unit vector ey, of the
axis Xy is given by

8y, — 1= Epp, (3.32)

and the shear strain relative to the axes X; and Xy is twice the off-diagonal
component

Proof. To prove the first part of the theorem, we consider two unit vectors u,; and
u,, emanating from X € C,. By using (3.29), (3.30), and (3.31), we obtain

3Here and in the following discussion the equality is intended to be satisfied by neglecting second-
order terms in H.
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Uy - Cr = Uy - (2G + Duy, >~ uyg - 2Euy0 + Uy - Uy,

so that, if u,; = u., = u, and we take into account (3.14), we find that

8uy = V1 4+ us-2Eu, >~ 1+ uy - Eu,. (3.34)

Relation (3.32) is then proved if u, = ey.

Relationship (3.34) replaces (3.14) in the linearized theory, showing that under
such an assumption, the stretch ratios can be evaluated in any direction from the
components of E. For this reason, E is called the infinitesimal deformation tensor.
Furthermore, from (3.15) and (3.34) and with u,; = e;, u4, = ey, it follows that

2E1u N 2E1m
A+ E) A+ Eym) 14+ (Ep + Enm)

cos 01, ~

From (3.15) we have cos 6 = cos(5 — y12) = sinyp =~ yp. But ypp is a
first-order quantity so that, by multiplying the numerator and denominator by 1 —
(EpLr + Epn) and neglecting terms of higher order, (3.33) is obtained. |

Theorem 3.6. In an infinitesimal deformation* we have
U~I+E, R>~I1+W, (3.35)

where W is the skew-symmetric tensor of rotation for infinitesimal deformation

W= %(H —-H") = -WT". (3.36)
Furthermore,
F-dX=dX+E-dX+ ¢ xdX, (3.37)
where
1
Y = _EéijkW/'k (3.38)

is the vector of infinitesimal rotation.

Proof. By using (3.12) and (3.13) we obtain

V’=FF=U=+vC, R=FU. (3.39)

“Note that I+ W is orthogonal if we neglect second-order terms in H. In fact,
I+w)ya+ W)T ~ 14+ W+ W'=1, since W is skew-symmetric.
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It follows that U ~ /2E + I ~ +/2E + I ~ I + E; moreover,
R=FU'!'~I+H)A+E)".

Since I+ E)™ ~I-E ~ I—1(MH+H), we have R >~ I+ W and (3.35) is
proved. In addition,

F-dX=RU-dX=(I+E) (I+W)-dX~ I+E+W)-dX.

In any case, it is always possible to express W - d X in the form ¢ x d X, where ¢ is
the adjoint of W, as defined by (3.38). O

To give a physical meaning to (3.37), at X € C, we consider a parallelepiped
with edges that are parallel to the eigenvectors u;, up, uz of E. Any edge dX u,
(no summation on L) is transformed into dX;u; + A dX up + ¢ x dXpuy, ie.,
the vector ¢ x dXuy is added to the vector d X u;, which rotates d X uy by an
angle |¢| around the direction of ¢, together with the deformed vector A; d X u; .

We can easily derive a further useful relation:

J~14+tH=1+tE, (3.40)
so that the (3.20) can be written as

dc = (1 +trE)dcs. (3.41)

3.6 Transformation Rules for Deformation Tensors

In the previous analysis, the same Cartesian coordinate system has been used for
both the initial configuration C, and the current configuration C. For the sake of
clarity, different symbols have been introduced for the coordinates (X ) of material
points X € C, and for the coordinates (x’) of spatial points x € C.

At this stage it is useful to show how the deformation tensors transform when
changing the coordinate system, both in the reference and the current configuration.
The situation arises when dealing with properties related to the isotropy of the
material (which in this case has an inherent reference system), a problem dealt
with in Chap. 7, as well as when dealing with transformation rules of mechanical
quantities for a change of the rigid reference frame (see Chaps. 4 and 6).

As a starting point, first we note that the quantities F} cannot be regarded as
the components of a tensor in the sense specified in Chap. 1, due to the fact that F
is a linear mapping between the space of vectors emanating from X € C, and the
vector space defined at the corresponding point x € C (rather than a linear mapping
between vectors emanating from the same point).
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If we consider rotations of the axes in Cyx and C generated by the orthogonal
matrices Q* and Q

X* = Q*X, x = Qx, (3.42)
then from the transformation (3.42); we derive
dx =F*dX* = F*Q*dX =FdX = F = F*Q*, (3.43)
and (3.42), leads to
dx' = FdX = QFdX = F'= QF. (3.44)

These results highlight the fact that the deformation tensor behaves as a vector
for coordinate changes in only one configuration, and in this respect F is an example
of a two-point tensor. This definition is in fact used for a tensor whose components
transform like those of a vector under rotation of only one of the two reference axes
and like a two-point tensor when the two sets of axes are rotated independently. This
aspect can be understood intuitively if we refer to the figurative picture suggested
by Marsden and Hughes [36], according to which the tensor F has two “legs”: one
in C, and one in C.

It is also easy to verify that the tensors H and G satisfy the same transformation
rule of F. Moreover,

C* = (F")'F* = Q'F'F(Q")" =Q*C(Q", (3.45)
C =FTF =F'Q'QF = C, (3.46)
so that C behaves as a tensor for changes of coordinates in C,, while it exhibits
invariance for transformations in C.
Similarly, the following transformation rules can be proven to hold:

G* = Q*G(Q")7T, G =G, (3.47)

B* = B, B’ = QBQ’. (3.48)

3.7 Some Relevant Formulae

In this section we will present and prove formulae that will be useful for topics
developed later in this book.

Let us start by observing that, if F is the deformation gradient tensor, a is a
nonsingular matrix, and a = det a, then
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d 1
— | =F.]| =0, 3.49
axi (J zL) ( )
da _ @ _ _
% =a(a™")i. Tz’j =—@ Y@k (3.50)
Furthermore, if a(h) = I + h, it follows that
a=1+1,+1I,+ O, a ' =I—-h+h?+ 0. (3.51)

Finally, for the right Cauchy—Green tensor, the following relations hold:

ol¢ ol l¢ .
3C . 3C cI-C", (3.52)
o1l
e =11c (€)' =[C—1cC+ 11T (3.53)

where I is the unit matrix. Note that (3.49) and (3.50) apply to any nonsingular
tensor C; if C is symmetric, then the sign of transpose can be omitted.

To prove (3.50);, it is enough to express the determinant a in terms of its first
row elements, i.e.,a = a1 A +apAix + a13A13, where A;; is the cofactor of a;; .
Since, da/da; = Aj, and recalling that

-1
a = —, 3.54
@)y == (3:54)
we see that the relation (3.50); is proved for i = 1, j = 2, and so for any other
choice of indices.
To prove (3.50),, we differentiate the relation

ar (@), =8 (3.55)
with respect to a;; to obtain
dar d(a”)y
——==0.
aaij (a )lk +a,; 3(1[_/

By multiplying by (a_l) ,» and recalling (3.55), we get

9 -1
(@) =—(a™) Oayi (@), =—(a"),, 88 (a"),

aaij hr 8a,-j

and (3.50), follows.
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The relation (3.49) is verified through the sequence of identities

9 (1 Fu (1
() = —F,
8xi(J' L) axi 0Fuy (J L)

0Fm 1 -1 1
= [_ﬁj (F7Y)yn Fir + 7 0indL
_ 0F;,
=—(F 1)Nl. ﬁ [0in8mr — O Fir

e

82xh
-1 T -1 _ =
|:(F )Nh 8XL3XN (F )Nh aXLaXN:I 0.

Considering now (3.51), we first observe that, for a matrix a(h) = I+ h, we
have

aa 1 32a
h) = a(0 — B+ = (—— hijhim + O(0%),
at) = a(0) + (8hij)h=0 i3 (ahijahlm)h=0 hin £ 0

and since a (0) = 1, from (3.50), it follows that

da _ da B L L
(%)h=0 a (E)h:o = a(0)(@);i(0) = 6.

By using (3.50), we can write

9%a d .
FTET VA R

a@™) i@ —at@™mi@) i,

Ohiyhin Jyey T

= hijhip — hyjhjm = 21 Iy,

so that (3.51); is proved.
Furthermore,

(8 + hij)”
(@i =8 + M Rim
ohym, o

102 (8 +hy)
2 2% T Bimh
+2( il )T
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and, since (3.50), gives

3(8,’j +h,'j)_1 B » . B
(T . =- [(51‘1 + i)™ (Bmj + Py ]h=0 = —8i10mj

<a2 (8 + hij) ™"

= 6;16mpSyi + 8ip0410mi,
3hzm3hpq )_0 10mpOqj + 0ipOqiOm;

(3.51), is obtained.
To prove (3.52) and (3.53), consider the identity

det(AI4+C) = A>+ IcA> + TIcA +111¢. (3.56)

Differentiating both sides of (3.56) with respect to C and recalling (3.50);, we have

0 T

G det (AL + ) = det(AL +C) [(AI + C)_l] , (3.57)
9 e Al I I Ilc
— (AP IcA> + TIcA +I110) = —A? A ) 3.58
5C ( + IcA“+TIcA + c) 3C + 3C + 3C (3.58)

The right-hand sides of (3.57) and (3.58) must be equal so that, multiplying the
expression above by (AI 4+ C)” and considering (3.56), we get

(A 4+ IcAN> + TIcA + 1110)X

_ ey (ch + aiCT) A2

~aC aC ' aC
dllc  dllc ., il
(ac BCC)A+ oc © -

By comparing the coefficients of A, (3.52) and (3.53) are easily derived. As a further
result the Cayley—Hamilton theorem follows:

C—IcCP+1IcC—1II1Ic1=0, (3.59)

which is valid for any 2-tensor C.

3.8 Compatibility Conditions

The tensor field Cy s (X) cannot be arbitrarily assigned, since the equations

3
ax; 0x;
S Ll = o, (3.60)
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due to the symmetry of C, form a system of 6 nonlinear partial differential equations
with the three unknowns x; (X), which describe the deformation of a continuous
body S when passing from Cy to C.

The mathematical difficulty arises from the fact that Eq. (3.60) overdetermine the
three unknowns, so that we have to search for necessary and sufficient conditions
ensuring that a proposed set of functions Crjs can be regarded as the tensor
components of a deformation field.

In order to find these integrability conditions on (3.60), we first observe that,
since

dx-dx = dX-CdX, (3.61)

the coordinates X; in Cx can also be regarded as curvilinear coordinates in C,
in which the metric tensor components are Cy,s. In addition, C is a subset of
the Euclidean space and therefore the components Cyj; must be such that they
correspond to a Euclidean metric tensor. In this respect, Riemann’s theorem states
that a symmetric tensor is a metric tensor of a Euclidean space if and only if it is
a nonsingular positive definite tensor and the corresponding Riemann—Christoffel
tensor R formed from C; ), identically vanishes’:

1
Rymrp = 3 (Comne +Cpnoim —Cnimp — Crmin)

+ C®S(TpyrTrms — TpurTins) = 0, (3.62)
where
2Urmp = Copm + Cyup. — Crmp

are Christhoffel symbols of the second kind.
These 3* = 81 equations (3.62) are not independent. In fact, due to the
symmetries of Ry p that can be deduced by inspection of (3.62),

Riyne = —Ryine = —Rrmpen: Rimne = Rnpim,

there are only 6 distinct and nonvanishing components Ry p. To prove this, let a
pair of indices LP be fixed. Since Ry rp is skew-symmetric with respect to the
pair NM, we conclude that indices N and M can only assume the values 12, 13,
and 23. The same argument holds for LP if the pair NM is given. Finally, the 9
nonvanishing components of Ry p

5The Riemann—Christoffel tensor R is also referred as the curvature tensor and the condition (3.62)
as Riemann’s theorem.
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Riz12,  Riziz,  Rios,
Riz12,  Riziz,  Rizs,
Ro31p,  Rpziz,  Rass,

merge into the following 6 independent components, due to symmetry with respect
to the first two indices:
Rz, Riziz, Rios,

Riziz, Riza,
Ry323. (3.63)

As a special case, consider the linearized theory of elasticity. Since C ~ I +
2E, (3.62) assumes the form

Rymip =~ Erune + Epnim — Enpvp — Epmny =0, (3.64)

which is certainly true if E(X) is a linear function. The equations of interest deduced
from (3.64) are the following, known as the St.Venant compatibility conditions
(St.Venant, 1864):

Rz > 2E1n10— Enns — Ennnn =0,

Ripis > Ennis + Esiin— Enas — By =0,

Rizs > Exnz + Esio— E13 — E1 =0,

Rizi3 ~2E1313 — Enias — Es3n =0,

Rizs >~ Ei303 + Exzi3 — Ennsz — Ezsor =0,

Rozns >~ 2Ep303 — Exn33 — E330 = 0. (3.65)

and (3.65) can be summarized by the following relation:
€osr enMLEoN sy =06 VXV XE =0. (3.66)
If the divergence operator is applied to (3.66), it follows that
€osr enmLEonsur =0, (3.67)
which is identically satisfied by any second-order symmetric tensor E, since the

permutation symbol €pgpr is skew-symmetric with respect to indices R and S and
Eon,sur is symmetric with respect to the same indices.
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When L = 1,2, 3, (3.67) gives the following three equations:

— Rio233 + Rizzp — Rozosz 1 = 0,
Riz133 — Riz132 + Rizz 1 = 0,
—Ri2123 + Rioi32 — Rioz 1 = 0. (3.68)

It is then possible to conclude that, if
Ri213 = Ri223 = Ri33 =0, (3.69)
it also holds that
Ro331 = Riziz2 = Riias =0, (3.70)
ie.,

Ry33 is independent on X !,
R1313 is independent on X2, 3.71)
R1212 is independent on X 3.

It is convenient to summarize all the above considerations as follows: if Ci is
linearly simply connected, system (3.60) can be integrated if and only if the 6 distinct
components of the curvature tensor R(C) vanish. In the linearized theory, the tensor
E must satisfy (3.65) or, equivalently, must satisfy (3.69) in Cx and (3.71) on the
boundary 0Cy.

We note that, when dealing with infinitesimal deformations, (3.64) can be

obtained by observing that, given a symmetric tensor field E(X), a displacement
field u(X) has to be determined such that

urm +upmr =2Ep .

By adding and subtracting u; js, we can write the above system of 6 equations with
3 unknowns uy, (X) as, see (3.36)

urm = Epy + Wi
The 3 differential forms
dup, = upmdXm = (ELm + Wim)dXm
can be integrated if and only if

Eryun +Wiun = Erny + Winm. (3.72)
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Cyclic permutation of indices in (3.72) gives two similar equations, and
adding (3.72) to the first of these and subtracting the second one, leads to

Eimn — Emune = Winm,
which is equivalent to the system of differential forms
dWiy = (ELun — Emn.e) dXu.

These forms can be integrated if and only if (3.64) holds.

3.9 Curvilinear Coordinates

This section extends the description of the deformation to the case in which both the
initial and current configurations are given in curvilinear coordinates (y'), which
for sake of simplicity are still taken to be orthogonal (Chap. 2).

In this case, we have to distinguish contravariant components, relative to the
natural basis (e; ), from covariant components, relative to the reciprocal or dual basis
('), furthermore, for physical reasons it is convenient to express vectors and tensors
with respect to an orthonormal basis (a;) (see Chap. 2, Sect. 2.6).

If (y') are the coordinates of a point in C whose coordinates in Cy are (Y1),
then the finite deformation from C,, — C is given by

Y=y, (3.73)
Differentiation gives
e = 2 (Yyayte, (3.74)
y el - aYL( ) el? .

where (e;) is the natural basis associated with (y') at the point y(Y) € C. By
recalling (2.59) and (2.61) and referring to the components dy' in the basis of unit
vectors (a;), we find that

dy'a; = F,dY " a;, (3.75)
where
F,o= Y8 i (3.76)
gL

The bar indicates that the quantities are evaluated in the basis a;. It is useful to
observe that the metric coefficient g;; is computed at y(Y) € C, while g;; is
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evaluated at Y € Ci. We can apply Cauchy’s theorem of polar decomposition
in the form (3.7) to the matrix (flL) and, since (a;) is an orthonormal basis, all

considerations developed for Cartesian coordinates still apply to (flL).
As an example, the components of tensors C and B relative to (a;) are given by
the elements of the matrices

= =T= = ==

C=FF, B=FF,
and the eigenvalue equation is written as

Cryu™ = A8 pu™.

The displacement gradient Vu and tensors E and W assume the expression given
by the rules explained in Chap. 2. The program Deformation, discussed at the
end of this chapter, can be used to advantage in this respect.

3.10 Exercises

1. Describe the deformation process corresponding to a one-dimensional extension
or compression.
The required deformation is characterized by two principal stretch ratios equal
to unity, while the third one is different than unity. The vector function (3.1) is in
this case equivalent to the following scalar functions:

x1=aX;, x2=2X; x3=X;,
where o > 0 if it is an extension and & < 0 if it is a compression.

The deformation gradient, the right Cauchy—Green tensor, and the Green—
St.Venant tensor are expressed by

a00
F=|010],
001
a200
C=F'F=|o010],
001
2
1
L “2 00
G:E(FF—I)z 5 00
0 00
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A3
B
A4
B
dl* ,’l
623 C’ ’
X2
O ¢ >

Fig. 3.1 Plane shear deformation

2. Given the plane pure shear deformation
X1 =X, x2=Xy+kX3, x3=X;+kX,

determine F, C, and G, the stretch ratios along the diagonal directions, and the
angle 6,3 in the current configuration, as shown in Fig. 3.1.
The required tensors are represented by the matrices

100
(FiL) =01k [,
0k 1

100 100 1 0 0
Cm)=101k Olk|=[01+k* 2k |,
0k 1 0k 1 0 2k 14+Kk?

00 O
k2
G =|07% k
k2
0 k —
2

Given a line element parallel to the unit vector N identified in the reference
configuration, the stretch ratio Ay is computed according to the relationship

A% =N-CN.

In the direction parallel to the diagonal OB we obtain

AZOBz(oii) (1)1ka 2(;c = (1+k)?
V2 V2 0 2k 1+k?

Sl=5l-=
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and in the direction CA we obtain

0
L 1 0 0 1
AZCAz(o———) 01+k%> 2k T2 | ==k
V2 V2 \o 1+ k2 s

V2

The angle 6,3 in the current configuration is given by

Cs 2%
VCn/Cys  1+k%

3. Referring to the pure shear deformation of Fig. 3.1, apply the polar decomposi-
tion to the tensor F.
Principal axes X} and X} are rotated 45° about X, so that the transformation
matrix is

cos O3 =

1 0 0
0 1 1
(Aij) = (cos(X], X)) = \/; f
0———
V2 ﬁ
The Cauchy—Green tensor C in the basis of principal axes is:
C' = ACA’,
with components
1 0 0

CH=|00+k?* 0
0 0 (1—k)?

It is then proved, as stated by Theorem 3.2, that the eigenvalues of the tensor C
are the squares of the stretch ratios along the eigenvectors.

Moreover, the same Theorem 3.2 also states that both U and C have the same
eigenvectors, and the eigenvalues of C are the squares of the eigenvalues of U,
so that

1 0 0
UhH=[o1+k o
0 0 1—k
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It follows that

1 0 0

1
@ih=1"%
0 -
11—k

The matrix U~! in the initial frame is
U~ = AT(U) A,
so that
1 (1) Ok
-~n_lo ——— >
B P S
1—k? 1—k?

Finally, since we have proved that

R =FU"!,
we have
100
(Rij) = 0 1 O
001

Thus, the required decomposition is

100 100 100
01k]=1]010 01k
0kl 001 0kl

and we observe that the matrix R rotates the principal axes of C in X € Cy in
order to superimpose them on the principal axes of B™! in x € C. As these axes
coincide in this case, R = L.

4. Given the deformation

xi = Xi + Aij X;,
with A;; constant, prove that plane sections and straight lines in the reference

configuration correspond to plane sections and straight lines in the current
configuration.
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5. Verify that, if the deformation in Exercise 4 is infinitesimal, i.e., the quantities
A;; are so small that their products are negligible, then the composition of two
subsequent deformations can be regarded as their sum.

6. Given the deformation

x1 =X, + AX;,
Xy = Xz—AX3,
x3=X3—AX| + AX;,

find F, U, R, C, B, principal directions, and invariants.
7. Determine under which circumstances the infinitesimal displacement field

u(X) = u (X))i + uz(X2)j

satisfies the compatibility conditions (3.66).

3.11 The Program Deformation

Aim of the Program

Given a transformation from orthogonal curvilinear coordinates var to Cartesian
coordinates, the program Deformat ion allows the user to compute the tensors F,
C, and B, the eigenvalues and eigenvectors of C and B, the deformation invariants,
and the inverse of B, as well as the tensors U and R.

Furthermore, given two directions parallel to the unit vectors vers1 and vers2,
the program defines the stretch ratios in these directions and the shearing angle, if
versl and vers?2 are distinct. We note that all tensor and vector components are
relative to the basis of unit vectors associated with the holonomic basis of curvilinear
coordinates var.

Description of the Algorithm and Instructions for Use

The program is based on the theoretical points presented in Sects. 3.1-3.3 and 3.9.
Curvilinear coordinates in both the reference and current configurations can be
chosen, with only the restriction that they be orthogonal. The program makes
versl and vers?2 unit vectors, if they are not.

The caption option refers to tensors R and U and allows the following
possibilities: symbolic, numeric, and null. In particular, if option is
selected as null, the program does not compute U and R; by selecting symbolic
or numeric the program computes U and R, preserving the symbolic or numeric
structure.
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If the input datum simplifyoption is chosen equal to true, then the
program redefines the Mathematica® [69] routines Sgrt, Times, Plus, etc., in
such a way that the quantities in irrational symbolic expressions can be treated
as real. This procedure permits the simplification of all the irrational symbolic
calculations inside the program. However, due to the complex form of the matrices
U and R, it is not possible to use this option together with opt ion=symbolic.®

Command Line of the Program Deformation

Deformation[func, wvar, transform, point, versl, vers2,
option, simplifyoption]

Parameter List

Input Data

func = r.h.s. elements of the vector field describing the deformation;

var = curvilinear or Cartesian coordinates;

transform = rh.s. elements of the transformation from curvilinear var to
Cartesian coordinates, or r.h.s. elements of the identity transformation;

point = coordinates at which we want to compute the stretch ratios along the
directions vers1 and vers2 and the shearing angle;

versl = first vector;

vers2 = second vector;

option = options related to U and R; the possibilities are symbolic,
numeric, and null;

simplifyoption = trueor false. Inthe first case, the program computes
many simplifications of symbolic expressions.

Output Data

deformation gradient F;

right Cauchy—Green tensor C;

eigenvalues, eigenvectors, and invariants of C;
left Cauchy—Green tensor B;

eigenvectors and inverse of B;

SIf both the choices option=symbolic and simplifyoption=true are input, then the
program cannot give the requested outputs. In this situation, the computation can be stopped from
the pop-up menu of Mathematica® [69]. To interrupt the computation relative to the last input
line, choose Kernel—Interrupt Evaluation or Kernel—Abort Evaluation; to
interrupt all the running processes, choose Kernel—>Quit—>Local—Quit. In this last case,
the package Mechanics . m must be launched again before any other application.
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right stretching tensor;
rotation tensor;
stretching ratios in the directions vers1 and vers2, evaluated at point;
shearing angle between vers1 and vers2, evaluated at point

Worked Examples

1. We consider the plane deformation

x1= X1+ kX>,
X = Xo,

Vk e
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which maps any X = (X, X,) € C, onto x € C. Both the initial and the current
configuration are relative to a Cartesian coordinate system. The input data are the
following:

func = (X1 +kX;5,X3};
var = {Xl,Xz} H

transform = {X;,X5};
point = {0, 0};
versl = {1, 0};

vers2 = {0, 1};

option = null;

simplifyoption = true;
Deformation[func, wvar, transform, point

vers2, option, simplifyoption]

The program Deformation gives the following results:

Deformation gradient

(0

Right Cauchy-Green tensor

o 1 k
T \k1+4+%k?

Eigenvalues of C

A1
Az

1
= 5(2 +k®—kv4 +k?): AlgMult = GeoMult

1
= 5(2 +k?+kv4a +k2): AlgMult = GeoMult

An orthonormal basis of eigenvectors of C

Ui

k + /4 + k2 V2

, versl,

=1

=1

VovVa+ Kk +kvat ke Va+k:+katKe
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—k 4+ /4 + k2 1
2 _ 2 1 2
VZVa+K2 —kJa+k \/1+Z(_k+ /2112

Principal invariants of C
Io=2+4k?

IIc.=1

Left Cauchy-Green tensor

2
B = 1+k“k
k 1

An orthonormal basis of eigenvectors of B

U, =

k— 4 + k2 1
Vi = ,
2 _ 2 1 2
V2va+k—kVa+k \/1+Z(k_ i)
k+ +4 + k2 1
Vay = ,
1 2 1 2
2\/l+z(k+\/4+k2) \/1+Z(k+\/4+k2)

Inverse of the left Cauchy-Green tensor

o1 -k
T \—k1+%k2

Stretch ratio in the direction {1, 0}
§1=1

Stretch ratio in the direction {0, 1}
82 = V1 +k?

Shear angle between the directions {1, 0} and {0, 1}

V1 +k2

Initial value of the angle (in degrees)
@12l == 900
Final value of the angle (in degrees)

®lZf= V1+k2i|

g
2. We consider the set of plane deformations

cos®,, =

180ArcCos[

r = R+ k(R),
¢ =2,
where k = k(R) is an invertible function of class C' such that
(1 +k'(R)) ( (R + k(R))2/R) > 0, for all R. Both the reference and the

current configuration are relative to a polar curvilinear coordinate system. The
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program Deformat ion provides all the peculiar aspects of this deformation at
a selected point, which we assume in this example is the point {1, 0}.

Input data:

func = {R+k[R],®};

var = {R,®};

transform = {RCos[®],RSin[d]};

point = {1, 0};

versl {1, o};

vers?2 {o, 1};

option = symbolic;

simplifyoption = true;

Deformation[func, var, transform, point, versl,
vers2, option, simplifyoption]
Output data:
All tensor and vector components are relative to the
basis of unit vectors associated with the natural
basis of the curvilinear coordinates {R, ®}.
Deformation gradient

1 + K'[R] 0
F = o REKIE]
R

Right Cauchy-Green tensor
(I+KRD” 0

c - . RHXR)
R2
Eigenvalues of C
R + k[R])?
Alzzg—iE;—D—: AlgMult = GeoMult = 1
Ay = (1L +K/[R])®: AlgMult = GeoMult = 1

An orthonormal basis of eigenvectors of C
u; = {O, 1}
U, = {1, O}
Principal invariants of C
(R + k[R])® 2
=0 (1 +X'[R])
(R + k[R])? (1 + K'[R])*
IIC == R2
Left Cauchy-Green tensor
(1 + ¥'[rR]) 0

c

B = (R + k[R])?

0 g
An orthonormal basis of eigenvectors of B
Vi, = {0, 1}

vy = {1, 0}
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Inverse of the left Cauchy-Green tensor

1= | @+ KR
R2
(R + k[R])
Right stretching tensor
1+ X'[R] 0
U= 0 R + k[R]
R

Rotation tensor

== (1)

Stretch ratio in the direction {1, 0}

81 =1+ K[1]
Stretch ratio in the direction {0,1}
8, =1+ Kk[1]

Shear angle between the directions {1, 0} and {0, 1}
cos®,, =0

Initial value of the angle (in degrees)

0., =90°

Final value of the angle (in degrees)

®,,f =90°

Exercises

Apply the program Deformation to the following deformations:

x; = X + kX,
1. Xy, = X, Vk e
X3 = X3.

x1 = aXj,
XZZIBXZa VO!,,B,)/ESR
X3 = yX;.

x3 = X5 + kX,.
x; = Xy,

Xy = X2 + \/§X3,
x3 = X3+ +/2X,

x; = Xy,
3.4 %= Xo—kXs, Vke



3.11

The Program Deformation

X = X,

X = X>, Vk e
X3 = X3 +kX2.

xp = X,

X = Xo + kXj, Vk e
x3 = X5 + kX,.

113



Chapter 4
Kinematics

This chapter is dedicated to an extensive analysis of the kinematic aspects of a
moving continuous system. After defining Eulerian and Lagrangian velocity and
acceleration, the rate of deformation and the vorticity tensor are introduced to
classify different flows: rigid, irrotational, and isochoric. Then, the transformation
properties under a change of the frame of reference of these tensors are determined.
A moving singular surface is defined together with its normal speed both in Eulerian
and Lagrangian description of flow. Further, the kinematic compatibility conditions
are determined for a singular moving surface. Some fundamental formulae to derive
with respect to time some integrals evaluated on moving volumes or surfaces are
proved. After a section of exercise, it is presented the program Velocity, written
with Mathematica®, to do the calculations showed in this chapter by a computer.

4.1 Velocity and Acceleration

The aim of this section is to consider the motion of a continuous system S with
respect to an orthonormal frame of reference R = (O, e;) (see Chap. 1). As stated in
Chap. 3, if C denotes the configuration of S in R at time 7, then the coordinates (x;)
of the point x € C are defined to be Eulerian or spatial coordinates of x. In order
to describe the motion of S, its points have to be labeled so that we can follow them
during the motion. This requires the introduction of a reference configuration Ci,
selected among all the configurations the system S can assume (the usual choice is
the initial one), and the coordinates (X} ) of X € C are defined as the Lagrangian
or material coordinates.
The motion of S is accordingly defined by

xi = xi(X,1), i=12,3. @.1)
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Equation (4.1) is required to satisfy, for any time instant, the assumptions introduced
for (3.1), i.e., they are supposed to be one-to-one functions of class C2. In particular,
the requirement that one and only one x € C corresponds to each X € C,
guarantees that during the motion the system does not exhibit fractures or material
discontinuities; the requirement that one and only one X corresponds to each x
(existence of the inverse function) preserves the basic property of matter that two
particles cannot simultaneously occupy the same position; finally, requiring that the
functions are of class C? guarantees the regular and smooth behavior of the velocity
and acceleration.

From the above properties it follows that at any X € Ci, the Jacobian J of (4.1)
is different from zero.

Moreover, if Cyx has been selected as the initial configuration, so that J is equal
to 1 when ¢t = 0, the continuity of J requires that, for all t,

ax;
— dadll . 4.2
J = det (8 ) >0 4.2)

J

Any quantity v of the continuous system S can be represented in Lagrangian
or Eulerian form, depending on whether it is expressed as a function of (X, ) or
(x,1), i.e., if it is a field assigned on the initial configuration C, or on the current
configuration C:

v =y 1) = yxX.1).0) =X 1). (4.3)

When dealing with balance equations (see Chap. 5), it will be shown how it is
important to correctly compute the rate of change of a physical quantity, occurring
at a given material point. This rate of change is called the material derivative.

As an example, the velocity and the acceleration of the particle X € C, at time ¢
are given by the partial derivative of the material representation

dx Odu ?x  0%u
v=v(X,t) = — = —, a=aX,t) = — = —, 4.4
()8181 ()8t2812 4
where u = x(X, ¢) — X is the displacement field introduced in Chap. 3.
Because of the invertibility assumption of the motion, the formulation of the
same fields in the spatial representation is allowed by the following identities:

v(x, 1) = v(x(X,1),t) = v(X, 1),
a(x,t) = a(x(X,?),t) = a(X, 1), (4.5)

and it follows that the material derivative of the spatial representation is given by
the total derivative

A

azg

+v-Vy, (4.6)
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where the gradient operator V means differentiation with respect to spatial
coordinates:

av

v-Vv=v;,—.
Jaxj

The general form for any field ¥ (x, 1) = ¥ (X, 1) is

_W_y
=== +v-Vy, 4.7)

v
which shows that the material derivative in the spatial representation is composed
of two contributions: the first one is a local change expressed by the partial time
derivative and the second one is the convective derivative v - V1.

Relevant features of the motion are often highlighted by referring to particle
paths and streamlines. For this reason, the following definitions are introduced.

The vector field v(x, ¢) at a fixed time ¢ is called the kinetic field.

A particle path is the trajectory of an individual particle of S. In Lagrangian
terms, particle paths can be obtained by integration of (4.4):

X = Xo + / ¥(X, 1) dt. (4.8)
0

If the velocity field is expressed in the Eulerian form v = v(x, ), then the
determination of particle paths requires the integration of a nonautonomous system
of first-order differential equations:

dx
i v(x,1). 4.9)

We briefly remind the reader that a system of first-order differential equa-
tions (4.9) is called autonomous if the functions on the right-hand side are
real-valued functions that do not depend explicitly on .

A streamline is defined as the continuous line, at a fixed time t, whose tangent at
any point is in the direction of the velocity at that point.

Based on this definition, streamlines represent the integral curves of the kinetic
field, i.e., the solution of the autonomous system

dx

— =v(x,1), t = const., (4.10)

ds
where s is a parameter along the curve. We note that two streamlines cannot
intersect; otherwise we would have the paradoxical situation of a velocity going
in two directions at the intersection point.
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The motion is defined to be stationary if
9 (x,1) =0 4.11)
—v(x,t) =0, :
ot

which is equivalent to saying that all the particles of .S that cross the position x € C
during the time evolution have the same velocity.

Since in the stationary motion the right-hand side of both (4.9) and (4.10) are
independent of ¢, the two systems of differential equations are equivalent to each
other, so that particle paths and streamlines are coincident.

4.2 Velocity Gradient

Two relevant kinematic tensors will be extensively used. The first one is the
symmetric tensor defining the rate of deformation or stretching (Euler, 1770)

1 8vi 8Vj
ij==\—+—) =Dy, .
D] 2 (8xj + 8X,’) J (4 12)

and the second one is the skew-symmetric tensor defined as the spin or vorticity
tensor

1 Bv,» an
= (2 )~ 4.1
WJ 2(8)(3]' 8.)C,') VV] ( 3)

By means of these two tensors, the gradient of velocity can be conveniently
decomposed as

Vv=D+W. (4.14)
By recalling the definition of differential
v(x 4+ dx,t) = v(x,t) + dx- Vv, 4.15)
and using the decomposition (4.14), we obtain
v(x + dx,t) = v(x,1) + w x dx + Ddx, (4.16)

where w is the vector such that w x dx = Wdx. It can be verified that

1
w = EV XV, “4.17)
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which shows that, in a neighborhood of x € C, the local kinetic field is composed of
a rigid motion with angular velocity given by (4.17) that is a function of time and X,

and the term Ddx.
Later it will be useful to refer to the following expression for the Eulerian

acceleration, derived from (4.6):

4 ov; n av; av; . dv; . av; v,
e AT TN N TV A S A
! ot I an ot I an / Bx,- I axi
_ av; AW+ 1 9v?
T YT S xg

Since Wj;v; = €;pjwpv;, we obtain

av; Py . 1 9v?
ar = 2 L e aopyi 4 — -
P T MO T Sy

and, referring to (4.17), we see that in vector terms it holds that

v

1
Tl (V xv) x v+§w2. (4.18)

a =

4.3 Rigid, Irrotational, and Isochoric Motions

For the analysis we are going to present, it is of interest to introduce Liouville’s
formula

J=JV-v. (4.19)

To prove (4.19), first observe that by definition

8\11 Bvl 8V1 axl Bxl axl
0X; 9X, 0X3 0X; 9X, 0X3
jo d det(ax,- ) _ | 0xy dxy Oxy P 0x> 0xy 0xy
dt 0Xr ) | 0Xx, 90X, 0X; 90X, 0X> 0X;
8X3 3)63 8X3 81)3 8V3 81)3
0X; 90X, 0X3 0X; 90X, 0X3
Moreover,

vy 9wy ox;
8XL - 3Xj 8XL,

and since each determinant can be written as J dv; /dx; (no summation on i), (4.19)
is proved.
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Theorem 4.1. The motion of S is (globally) rigid if and only if
D=0. (4.20)

Proof. To prove that (4.20) follows as a necessary condition, we observe that a rigid
motion implies v; (X, 1) = v; (Xo, ) + €;;w; (¢)(x; — xo;). The velocity gradient

8v,~
oW
E)xk Chiel
is then skew-symmetric, so that
2D Ovi | Ok (i + €x)i) 0
I AT, S & )w: = 0.
ik axk ax,‘ ijk kji j

To prove that D = 0 is a sufficient condition, by (4.15) and (4.16) we obtain

v
i = I/I/iiv W/ij = —W/'i. (4.21)
a)Cj ’ '

The system (4.21) of 9 differential equations with the three unknown functions v; (x)
can be written in the equivalent form

dvi = Wijdxj, (422)

so that (4.21) has a solution if and only if the differential forms (4.22) can be
integrated. If the region C of the kinetic field is simply connected, then a necessary
and sufficient condition for the integrability of (4.22) is

Wi Wy,
ax, ox;

By cyclic permutation of the indices, two additional conditions follow:

Wy W Wi OWy

)

0x; 0xp, x; 0x;
Summing up the first two, subtracting the third one and taking into account (4.21),,
we derive the condition

oW,

’

8xh
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which shows that the skew-symmetric tensor W;; does not depend on the spatial
variables and eventually depends on time. Then, integration of (4.22) gives

vi(x,1) = vo; (1) + Wi (1)(x; — xo;),
and the motion is rigid. 0
The motion of S is defined to be irrotational if

1
W= 5va=0. 4.23)

Again suppose that the region C is simply connected; then it follows that the
motion is irrotational if and only if

v = Vo, 4.24)

where ¢ is a potential for the velocity, also defined as the kinetic potential.

Let ¢ C C be a region which is the mapping of ¢, C Cx under the equations of
the motion. This region is a material volume because it is always occupied by the
same particles. If during the motion of S the volume of any arbitrary material region
does not change, then the motion is called isochoric or isovolumic, i.e.,

d

By changing the variables (x;) — (X), the previous requirement can be

written as
d
— Jdcy =0,
il

and, since the volume c is fixed, differentiation and integration can be exchanged,
and because of (4.19), we get

[JV-vdc*z/V-vdc=O Ve C C.

Next, we conclude that a motion is isochoric if and only if
V.v=0. (4.25)

Finally, an irrotational motion is isochoric if and only if the velocity potential
satisfies Laplace’s equation

Ap =V .-Vp =0, (4.26)

whose solutions are known as harmonic functions.
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4.4 Transformation Rules for a Change of Frame

As we will discuss in Chap. 7, constitutive equations are required to be invariant
under change of frame of reference. Intuitively, this requirement means that two
observers in relative motion with respect to each other must observe the same stress
in a given continuous body. For this and other reasons it is of interest to investigate
how the tensors F, Vv, D, and W transform under a change of frame of reference.

Let us briefly recall that a frame of reference can be considered as an observer
measuring distances with a ruler and time intervals with a clock. In general, two
observers moving relatively to each other will record different values of position
and time of the same event. But within the framework of Newtonian mechanics, it
is postulated that: distance and time intervals between events have the same values
in two frames of reference whose relative motion is rigid.

Suppose that the first observer is characterized by the reference system Ox; and
time ¢ and the second one by O’x/ and #’. The above requirement can be expressed
in analytical terms as

xi = Qi ()x; + ¢ (1),
/=1 +a, 4.27)

where Q = (Q;;), ¢ = (c;), and a are a proper orthogonal tensor, an arbitrary
vector, and an arbitrary scalar quantity, respectively.

The change of frame of reference expressed by (4.27) is a time-dependent rigid
transformation known as a Euclidean transformation (see Chap. 1).

A scalar field g, a vector field q, and a tensor field T are defined to be objective
if, under a change of frame of reference, they transform according to the rules

g1 = gx1),

q(x.1") = Q)q(x.1).

T'(x,1") = Q)T(x, Q" (). (4.28)
In this case we say that two observers are considering the same event from two
different points of view.

It was already observed in Sect. 3.6 that the deformation gradient F and the left
and right Cauchy—Green tensors transform as follows:

FF=QF C =C, B =QBQ’. (4.29)

Moreover, the following additional transformation rules hold under a change of
frame (4.27):

F' = QF + QF,
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vV =QvvQ” +QQ’,
= QDQ’,
W = QWQ” + 0Q". (4.30)

Equation (4.30), is obtained by differentiating (4.29), with respect to time.
Furthermore, differentiating the relation x; = Q;;(f)x; + c;(¢) with respect to
time and x;, we get

v v dxi

_ o, axj
8xh i Xy ax

QU

and (4.30), is proved. Moreover, the orthogonality condition QQT = I allows us to
. . . . T
write QQT + QQT =0,ie, QQT = — (QQT) , so that the skew-symmetry of

QQT is derived. By recalling the definitions (4.12) and (4.13) of D and W, (4.30)3 4
can easily be proved.

It follows that only the rate of deformation tensor D can be considered to be
objective.

4.5 Singular Moving Surfaces

In continuum mechanics it is quite common to deal with a surface that is singular
with respect to some scalar, vector, or tensor field and is moving independently of
the particles of the system. Typical phenomena include acceleration waves, shock
waves, phase transitions, and many others. Due to the relevance of these topics, this
section and the next one are devoted to the kinematics of singular surfaces.

Let

fx,1)=0 4.31)

be a moving surface X (¢). Given a point r € X (t), consider the straight line a of
equation r + s n, where n is the unit vector normal to X (¢z) atr. If f(r,t4+1t) = 0is
the equation of X (¢ + 1), let the intersection point of a with the surface X (¢ 4 t) be
denoted by y. The distance between X (¢) and X (¢ + 7) measured along the normal
at r is given by s(7), and this parameter allows us to define the normal speed of
3(t) as the limit

¢, = lim @ = s5'(0). (4.32)

—>0
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The limit (4.32) can also be expressed in terms of (4.31) if it is observed that s(7) is
implicitly defined by equation

fr+snt+1)=09(,7)=0,

so that, from Dini’s theorem on implicit functions, it follows that

o (dpfoT\ _ af/or
Y0 == (507 ) o = Sm

Since V f is parallel to n and has the same orientation, it can be written as

e
VST

The velocity of the surface with respect to the material particles instantaneously
lying upon it is called the local speed of propagation and is given by (¢, — v - n), if
the current configuration is regarded as a reference configuration.

Note that we obtain (4.33) by using the implicit representation of the surface
3 (). If we adopt a parametric form of X (¢), i.e., r = g(uy, t), where uy, ¢ = 1,2,
are the parameters on the surface, then f(g(uy,?),?) = 0 and (4.33) gives

(4.33)

1 0g ar
cpn=—=Vf - —==n.-—.
"V S / at ot

It can be proved that the velocity of the surface is independent of the parametric
representation of %(t).

In fact, if U, with u, = u,(Up,t) are new parameters, then the parametric
equations of the surface will be R(Uy,t) = r(uy(Ug,t)) and (4.34) will be

expressed in terms of dR/ 0t instead of dr/0dz. Since

(4.34)

OR  Or Juy n or
at  Ou, 0t ot

and Jr/du® are tangent to the surface X (), it follows that

or JR
"y T e
and both parametric representations lead to the same value of ¢,.

Let r = g(uy,t) be a surface 3(¢) and let I'(¢) be a moving curve on it,
with parametric equations r = G(s,t) = g(uy(s,t),t), where s is the curvilinear
abscissa on I'(¢). The orientation of the tangent unit vector T to the curve I'(¢) is
fixed according to the usual rule that T is moving counterclockwise on I"(¢) for an



4.5 Singular Moving Surfaces 125

observer oriented along n. Furthermore, the unit vector normal to I"(¢) on the plane
tangent to X (¢) is expressed by vy = T X n.

According to these definitions, the velocity of the curve I'(¢) is given by the
scalar quantity

wy :%—?-vz =W-vy, 4.35)
and it can be proved that w - vy is independent of the parametric representation of
3(t) and I'(¢) (see Exercise 7).

A moving surface X(¢) is defined to be singular of order k > 0 with respect
to the field ¥ (x, ) if the same definition applies to the fixed surface S of RN* of
Eq. (4.31) (see Sect. 2.5).

It is convenient to write the relationships found in Sect. 2.5 in terms of variables
(x;,t). To this end, let 9R* be a four-dimensional space in which the coordinates
(x;, 1) are introduced, and let the fixed surface S of i* be represented by (4.31) (see
Fig. 4.1).

The unit vector N normal to S has components

_gradf 1 %
= Jeradf] ~ Jerad/| (Vf’ o ) (4.36)

where grad f = (df/dx;,df/dt). Taking into account (4.33) and observing that
the unit normal n in R3 to the surface f(r,t) = 0, with ¢ fixed, has components
(0f/0x;)/ |V £, we find that (4.36) can be written as

VA
|grad f |

(ns _Cn) = ﬁ(n» _Cn)' (437)

t=/constant

Fig. 4.1 Singular surface in the space-time
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With this notation, if X (¢) is a surface of order 1 with respect to the tensor field
T(x, 1), then (2.48) and (4.37) give the following jump conditions:

[VT]] = n® A(x, 1), (4.38)
H%—fﬂ = —¢,A(x,1), (4.39)

where A(x,¢) = al|V f|/|grad f].
If the surface is of order 2, then (2.50) leads to the following conditions:

([VVT]l = n®n ® A(x.1). (4.40)

[[V%—jﬂ = —c,nQ A(x,1), 4.41)
2

H%Tfﬂ — A1), (4.42)

4.6 Time Derivative of a Moving Volume

Let V(z) be a moving volume with a smooth boundary surface dV(z) having
equation g(x,f) = O and unit outward normal N. Suppose that its velocity
component along the normal is given by

_ 1 dg

N [

|Vg| ot

When dealing with balance equations, it is useful to express the time derivative of a
given quantity, defined over a volume which is not fixed but is changing with time.
To do this, we need to use the following relation:

of

d
— f(x,1)dc = / —dc +/ fVy do. (4.43)
dt Jyq V(e 0t 0]

To prove (4.43), we observe that

al
— f (x,t)dc
dt V() ( )

1
= lim — / f(x,t + At)dc —/ f(x, 1) dc) .
At—0 At ( V(t+Al) V(t)
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The right-hand term can also be written in the form

[ vi+anf(x, t + At) dc —/V()f(X,l + At)dc
t

+/ [f(x, 1 + At) — £(x, 1)] de,
140)

and we see that the difference of the first two integrals gives the integral of f(x, +
At) over the change of V(¢) due to the moving boundary dV(¢). By neglecting terms
of higher order, we have

/ f(x,1 + A1) de — / f(x,t + At)dc
V(t+Ar) V()
= / f(x,t + At)Vy At do
V()

so that in the limit At — 0, (4.43) is proved.

In the same context, let 3(¢) be a singular surface of zero order with respect
to the field f(x,¢) and o(t) = X(¢r) N V(). If f(x,t) = 0, n, and ¢, denote the
equation of X (¢), its unit normal, and its advancing velocity, respectively, we have

1 af
VSl

Chn =

and the following formula can be proved:

d

of
— f(x,t)dc = / —dc + / fVy do —/ [[f]lcn do. (4.44)
dt Jyq v 0t V(@) o(r)

To this end, suppose the surface X (¢) divides the volume V(¢) into two regions,
V= and V. In order to apply (4.43), we note that 3V has velocity Vy, while o (f)
is moving with velocity ¢, if o (¢) is considered to belong to V= (), or with velocity
—c, if it is part of V' *. Furthermore, the field f on o (¢) will be £~ or f*, depending
on whether o (¢) belongs to V™~ or V. We derive (4.44) by applying (4.43) to V't
and V'~ and subtracting the corresponding results.

As a particular case, if V(¢) is a fixed volume (Vy = 0), then from (4.44) it
follows that

d of
E/‘/f(x’t) dec = /v m dc — L(t)[[f]]cn do. (4.45)

As a further application of (4.44), consider a material volume c(¢) C C(¢) that is
the mapping of the initial volume c, C Cx by the equations of motion x = x(X, ?).
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Since this moving volume is a collection of the same particles of S(¢), its boundary
dc(t) is moving at normal speed v - N, and (4.44) can be written as

d of
—/ f(x,t)dc = / —dc + / fov-Ndo —/ [fl]c, do. (4.46)
dt Jew ey 0t de(t) o(t)

By applying the generalized Gauss’s theorem (2.42) to the second integral of the
right-hand side of (4.46), we derive

i/ f(x,1)dc = / [g + V. (V®f)] dc—[ [[f(c, —va)]ldo.  (4.47)
dt Jew ey LO? a(t)

In applications the need often arises to consider a material open moving surface,
i.e., a surface which is the mapping, by the equations of motion x = x(X, ), of a
surface S™* represented in the reference configuration by the equation r = r(z%). In
this case the following formula holds:

i u(x,t)-Ndo:/

9
|:—u+Vx(uxv)+VV-u:|-Ndo, (4.48)
dt S() S(t)

ot

where N is the unit vector normal to S(z).
To prove (4.48), we first observe that due to (3.19) we can write

d d
—/ u(x,?) Ndo = — u; do;
dt Jsq) dt Jsq

d BXL d 8XVL
=— | wi—dowy=| —(wJ—L)dos. (44
dt/S*uJBx,- dogr [g* di (MJBXi)dO'L (4.49)

In addition, from (4.19) it follows that

d 8XL _ aXL d a}(L

and to evaluate the derivative on the right-hand side it is convenient to recall that

BXL Bx;,

ax;, ax, o

Therefore,

d 0Xp 0x, 0X 1

dr dx; — dx; dxy
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and (4.50) becomes

=JV.v——J— .
Vaxi ax; 0xy

d ( BXL) X1 0xp 0X 1

By using this expression in (4.50) we find that

d
—f u(x,t)-Nda:/ (@+uV-v—u-Vv)-Ndo
dt Jsq S(0)

and (4.48) is proved by applying known vector identities.

Finally, it is of interest to investigate how (4.48) can be generalized to the case
in which the material surface S(¢) intersects the moving surface X (¢), which is
supposed to be singular with respect to the field u. Let I'(z) = S(¢) N X(¢) be the
intersection curve between S(7) and X (¢), and let S™(¢) and S (¢) be the regions
into which S(#) is subdivided by I'(¢). If T denotes the unit vector tangent to I'(¢)
and v, the unit vector tangent to S(¢) such that vy, T, N define a positive basis (see
Fig. 4.2), then we can easily prove the following generalization of (4.48):

i u(x,t)-Nd(f:/

0
|:_u +Vx(uxv)+vV-u]~Nd0
dt S(t) S(t) ot

— / nx[[ux(w-—v)]-vgds, (4.51)
r()

where w is the velocity of ' ().

Remark 4.1. When dealing with continuous systems characterized by interfaces
(examples include shock waves, Weiss domains in crystals, phase transitions, and
many other phenomena), it is useful to evaluate the following derivative:

vl
— ds do,
dt S(0) §

Fig. 4.2 Singular curve on a surface
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where ® (X, ?) is a field transported by the nonmaterial surface X (¢) and S(¢) =
c(t) N X(¢), where c(t) is a material or fixed volume. The formula (4.51) does not
allow us to consider this case, and as a result many authors have paid attention to
this problem (see for example Moeckel [37], Gurtin [16], Dell’Isola and Romano
[9]). Recently, Marasco and Romano [34] have presented a simple and general
formulation that will be further discussed in Volume II.

4.7 Exercises

1. Given the motion

2
t
x1:(1+?) X1, xx=X, x3=Xj,

find the Lagrangian and Eulerian representation of the velocity and acceleration.
The displacement components in the Lagrangian form are given by
t 1
M1=X1—X1= 2F+ﬁ X], M2=M3=0,

and in Eulerian form they are

2(t/T) + (¢/T)
u = ﬁx
(1 + 7)

The velocity components in the Lagrangian representation are

ouy (X, 1) 2 t
= = — 1 p— X P} = = 0»
Vi o T + T 1 V2 = V3

1, uw=u3=0

and in Eulerian form they are

2 1
T1+t
T

Finally, the acceleration components in Lagrangian form are

vV = X1, V2=V3=0.

2
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while the Eulerian representation can be obtained by substituting in the previous
relation the inverse motion

X1
1+t 2
T

or by applying the material derivative operator

X, =

d a
—=—+V'V,

so that

Cllzﬁﬁ)ﬁ, 0220320.
1+ =
( T)
2. Prove that the motion is rigid if and only if the equations of motion have the
structure

xp = bi(t) + Qi ()X,
where Q;; is a proper orthogonal tensor, i.e.,
Qij Qkj = 6ij. detQ =1.

Let X4 and X2 label two particles in the reference configuration. If the motion
is expressed by the previous relations, then

xt—xl = 00X - X7):

A
in addition, the properties of Q give
(' = x ! = x) = 0 Qi (X[ = X)X = XP)
_(yA By yA B
=X; - X)X —X}),

so that it is proved that the distance between the two points does not change and
the motion is rigid.
On the other hand, as shown in Sect. 3.2, in a rigid body

Cim =Fi Fiy =681m
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and F is an orthogonal tensor. By differentiating with respect to Xp it can be
shown that F is independent of X, so that by integrating the equation

axi
m = Fi.(1),

we obtain the equation of a rigid motion.
3. Prove that the kinetic field

V1 = —=5x5 + 2x3,
V) = 5x1 — 3)63,
V3 = —2)(,'1 + 3X2,

corresponds to a rigid motion.
In fact, the spatial gradient of velocity is given by

8V,‘ -
W == 5 0 =3 )
J -2 3 0
and it is skew-symmetric. Consequently, the rate of deformation

1 81/[ av;
D.=-|-—4+ 2
Y 2 (ij + 8)Cj )
vanishes and the motion is rigid, according to (4.20).
4. Prove the following formulae:

VXx(Fu) = FVxu—uxVF,
Vi(uxv)=v-Vxu—u-Vxy,
Vx@xv)=uV:-v)—v(V-u)+ (v-V)u—(u-V)v.
Hint: About the first formula we have that
€ijn(Fup),j = €, jup + €ijpFvy,j = Feijpvn,j —€mnjunF,; .
5. Prove that a rigid motion is isochoric.
Hint: A motion is rigid if and only if the rate of deformation D;; = 0. This

condition implies that V - v = D;; = 0 and the motion is isochoric.
6. Find a class of isochoric but nonrigid motions.
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Hint: If the motion is isochoric, then V - v = 0 but this condition is equivalent to
state that v = V x A, where A is an arbitrary regular vector field. This velocity
field is not rigid if and only if the rate of deformation does not vanish, i.e., when

(€ijnAn.j )k F(€rjnAnsj )i = €ijnAn.jk +e€xjnAn,ji # 0

7. Compute the angular velocity in an isochoric motion.
8. Prove that the velocity of propagation (4.35) of a curve on a surface is
independent of their parametric representations.

4.8 The Program Velocity

Aim of the Program, Input and Output

Given a transformation from orthogonal curvilinear coordinates var to Cartesian
coordinates and given the components of a velocity field in both the associated
unit basis as well as in the holonomic basis of the coordinates var, the program
Velocity computes the acceleration, the velocity gradient, and divergence, as
well as the angular velocity.

Theoretical bases are provided in Sects. 4.1 and 4.2. Velocity components
must be given relative to the unit basis associated with the holonomic one of the
curvilinear coordinates var.

The command line of the program Velocity is
Velocity[vel, var, transform, characteristic,
simplifyoption],
where the input data have the following meaning:

vel = velocity components;

var = orthogonal curvilinear or Cartesian coordinates;

transform = rh.s. terms of the transformation from curvilinear var to
Cartesian coordinates or r.h.s. terms of the transformation “identity”’;
characteristic = option, corresponding to possible choices symbolic
or numeric (as previously defined for the program Operator).
simplifyoption = true or false. In the first case, the program computes
many simplifications of symbolic expressions (as previously defined for the
program Deformation).

From the previous data the corresponding output follows:

spatial gradient of velocity;
acceleration;

velocity divergence;
angular velocity.
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Worked Examples

1. Let v = v,e, + vye, + v.e; be a velocity field in cylindrical coordinates. The

required input data are the following:

vel = {vy, Vv, vz}

var = {r,p,z};

transform = {RCos[¢],RSin|¢], z};
characteristic = symbolic;

simplifyoption = true;
Velocity[vel, var, transform, characteristic,
simplify-optionl]

The program provides the following output data:'

The components of any vector or tensor quantity are

re-relative to the unit basis associated with the

holonomic basis of the curvilinear coordinates {r,p,z}.

Spatial gradient of velocity

ar[Vr] ar[vw] ar[VZ]
—Vy + 0p[Ve] Ve 4 0y[Vy] 0y[v,]

Vv =
r r r
0,[vy] 02[vy] 0,[v]
Acceleration
Ve [Vi] + V20 [Va] + v 0r[ve] + 0c[ve]
a = at[v(p] n Vrago[vr] + Vza(p[vz] + Vgaago[vrp]

r
0c[ve] + ve0 [ve] + V202 [ve] + V02 [vy]
Divergence of velocity

c+ 0 [v
Vv = duf] + 0,y 4 0]

r
Angular velocity

o

o= Lol + 0.
1 Ve + ar[V(ﬂ] - aw[Vr])
r r

2
2. Compute the dynamic characteristics of the velocity field

X 2y . 3z

M L et A

Tt is suggested that the reader to compare these results to those provided by the program

Operator.
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Input data:

b 2y 3z | .
1+t 1+t 1+tf’
var = {x,v,z};
transform = {x,v,z};
characteristic = numeric;
simplifyoption = false;
Velocityl[vel, var, transform,
simplify-option]

vel =

Output:
Spatial gradient of velocity
1
— 0 0
1+t
Vv = 0 0
1+t
3
0 0
1+t
Acceleration
0
2y
a=| (1+t)?
6z
(1+1t)?
Divergence of velocity
V.-v=
1+t
Angular velocity
0
wo=1]0
0
Exercises

characteristic,

Apply the program Velocity to the following fields:

DN A W -

. V= (=5y +29)i+ (5x — 32)j + (—2x + 3y)k
v =x%ti+ yt%j + xzk
v=(xF=xy)i+ (Py + )]
. v= Bxzti+ By*t’j + Bzyk

. Use the program Operator to obtain the differential operators for the velocity

field in Exercise 3.
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Chapter 5
Balance Equations

This chapter contains the general integral or local balance law in Eulerian and
Lagrangian form. Then, this general law is used to derive the mass conservation,
the Cauchy stress-tensor, Piola—Kirchhoff tensor, the momentum equation, the
angular momentum with the symmetry of Cauchy’s stress-tensor, the balance of
energy, and the Clausius—Duhem entropy inequality. All the above laws are written
in the presence of a moving singular surface across which the fields exhibit
discontinuities. The balance laws considered in this chapter are fundamentals for all
the developments of continuum mechanics, also in the presence of electromagnetic
fields.

5.1 General Formulation of a Balance Equation

The fundamental laws of continuum mechanics are integral relations expressing
conservation or balance of physical quantities: mass conservation, momentum
balance, angular momentum balance, energy balance, and so on. These balance laws
can refer to a material volume, intended as a collection of the same particles, or to a
fixed volume.

In rather general terms, a balance law has the following structure:

d
—[ f(x,t)dc:—/ <I>-Nd0+/ rdc, (5.1
dt c(t) ac(t) c(t)

where ¢ (¢) is an arbitrary material volume of the configuration C () of the system.

The physical meaning of (5.1) is the following: the change that the quantity f
exhibits is partially due to the flux ® across the boundary of ¢(¢) and partially due
to the source term r.
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If we refer to a fixed volume V , then in addition to the flux ® we need to consider
the transport of f throughout V' with velocity v, so that (5.1) assumes the form

i/f(x,t)dc=—/ (f®v—|—<I>)-Ndo+/rdc. 5.2)
dr Jy v 14

When the configuration C(¢) is subdivided in two regions by a moving singular
surface 3 (¢), then the previous balance law in the integral form (5.1) or (5.2), the
derivation rules (4.45) and (4.46), as well as the generalized Gauss theorem (2.46)
allow us to derive the following local form of the balance equation and jump
condition

f
%+V-(f®v+‘l>)—r:0 in C(t) — (),

[f(vy —c)) +@-n]] =0 on X(t). (5.3)

In many circumstances, on the basis of reasonable physical assumptions, we are
led to the following integral balance equation:

d
—/ f(x,t)dc = —/ sdo —l—/ rdc, (5.4)
dt Jew de(t) 0]

where there is no reason to conclude thats = & - V.

In this case, Gauss’s theorem cannot be applied to the surface integral on the
right-hand side; consequently, (5.3) cannot be derived. Anyway, if s is supposed
to depend on (x,) as well as on the unit vector N normal to dc(z) (Cauchy’s
hypothesis), then Cauchy’s theorem can be proved':

Theorem 5.1. If in the integral momentum balance law the tensor of order r has
the structure s = s(X, t,N), then there is a tensor ®(x,t) of order (r + 1) such that

s=®-N. (5.5)
Proof. For sake of simplicity but without loss of generality, s is supposed to be a

vector. If a material volume c(¢) C C(t) is considered such that c(¢) N X(¢) = 0,
then from (5.3) and (4.46) it follows that

f
/ (8—+V-(f®v)—r)dczf godc=—/ sdo. (5.6)
e\ 01 e(t) de(r)

In [43], W. Noll proves that Cauchy’s hypothesis follows from the balance of linear momentum
under very general assumptions concerning the form of the function describing the surface source s.
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If A is the area of the surface dc¢ and the functions under the integral are regular,
then (5.6) gives

1 1
Z[(pi dec = 71 acSi(N)do.

By applying the mean-value theorem to the volume integral,” we have

1 1

@60 =5 [ 5N do
where &;,i = 1,2, 3, are the coordinates of a suitable point internal to ¢. In the limit
A — 0 (or, which is the same for ¢ merging into its internal point x), the following
result is obtained:

lim l/ siN)do = 0. (5.7)
A dc

A—0

Now, if ¢ and s are regular functions, it must hold that
s(N) = —s(—N), (5.8)

as we can prove by applying (5.7) to a small cylinder ¢, having height €2, bases with
radius € and by considering the surface o through the internal point x (see Fig. 5.1).
Let £y, &, and &; be three points located on the surface of the cylinder, on the base
whose normal is N, and on the other base of normal —N, respectively; moreover, let
N; the unit normal to the lateral surface of c..
By applying the mean-value theorem, it follows that

/ si(x,N)do = 2meds; (&1.Ny) + wels; (&.N) + wels; (&, —N),
dce

where the argument ¢ has been omitted for sake of simplicity.

Fig. 5.1 Small cylinder to evaluate s(—N)

2The mean value theorem applies to each component of the vector function, and not to the vector
function itself.
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X3

X1

Fig. 5.2 Cauchy’s tetrahedron

Since the term 2e3 4+ 2e? represents the area A of the cylinder c,, the previous
relation gives (5.7) when A — 0.

Now to prove (5.4), we use Cauchy’s tetrahedron argument. At a point x € C
draw a set of rectangular coordinate axes, and for each direction N choose a
tetrahedron such that it is bounded by the three coordinate planes through x and
by a fourth plane, at a distance € from x, whose unit outward normal vector is N
(see Fig. 5.2).

Let oy be the area of the surface whose normal is N and let 0; (i = 1,2, 3) be the
area of each of the three right triangles whose inward normal is given by the basis
unit vector ;. Since 0; = 0y|V; | and the volume ¢ of A is equal to ope/3, if in (5.7)
¢ denotes A, it follows that

3

1
lim si (€1, N)op + si(nj,—e;)|Njlog | =0,
f—>000(1+zl~3:l|Ni|)|: 210y —epIN;

i=1
and in addition, if N; > 0 (j = 1,2, 3), then from (5.8) it must be that

3

s(x.N) = > “s(x.e;)N;. (5.9)
j=1
which is valid even if some N; = 0, because of the continuity assumption on

s(x,N).
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Conversely, if N, is negative, then 01 = —opN; and in (5.9) the term —s(x, ;) NV,
will replace s(x, e;)N;; assuming the reference (—ey, e,, e3) in place of (e;, e, e3)
still gives (5.9).

If

q),'_/‘ =€ -s(x,e<), (5.10)

then (5.9) can be written as
Sl‘ZS'e,’I(D,‘ij. (511)
Since N and s are vectors and N is arbitrary, (5.11) requires ®;; to be the components
of a second-order tensor so that (5.5) is proved. O
In the presence of electromagnetic fields additional balance laws are needed.

They have the following structure:

d
—/ u-Ndaz/ a-rds~|—/ g-Nda+/ k-vds, (5.12)
dr Jsq as(t) NG) ()

where u, a, g, and k are vector fields, S(¢) is any arbitrary material surface, and I'(¢)
is the intersection curve of S(¢) with the singular moving surface X (z).

To obtain the local form in the region C as well as the jump conditions on X (¢),
the rule (4.48) and the Stokes theorem (2.48) have to be applied to the first integral
on the right-hand side, so that

d
a—lll+VV-u=V><(a+vxu)+g in C(¢),

(n x[ux(w—v)+a]]+k)-vy =0 on X(t). (5.13)

Moreover, w-N = vy, W-n = ¢,, since ['(¢) belongs to both the material surface
S(¢) and the singular surface X (¢); therefore, (5.13), can be written

(llen = vi)u—upy(Ww—v) + nxal] + k) - vy =0. (5.14)
In the basis (z, n, N) it holds that

Cn —Vn (¢cn —vp)cosa
n J—

sin’ & sin &

wW—v=[w,—v-T]T+

)

where cosa = n - N, so that (5.13), assumes the form

([(ch —v)u+nxa]] +k) - vy + [[n-u(c, —vy)]]cota = 0. (5.15)
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Since the material surface S(¢) is arbitrary, the relation (5.15) must hold for any
value of «. If, as an example, we first suppose that « = /2 and that it has an
arbitrary value, we derive the following:

[[(C,, —V,)u+nx a]] + k=0,
[[wn (cn — vi)]] = [[un]len — [[unva]]l = 0. (5.16)

In literature, the following relation is usually proposed:
nx [[ux(c, —vy)n+a]] + k=0 on X(¢). (5.17)
We note that it is equivalent to (5.16); if and only if (5.16), is satisfied.

Some consequences of (5.16), are the following:

. if [[uy]] = O, then [[v,]] = O;
2. if the surface X (¢) is material, then (5.16), is identically satisfied and (5.16);
reduces to

—_

nx[[a]] + k=0. (5.18)

Remark 5.1. The balance equations presented here are sufficiently general to allow
the formulation of all the physical principles considered in this volume. However,
they do not work for describing phenomena such as phase transitions (see [34]) or
shock waves, with transport of momentum and energy on the wavefront. For these
phenomena the reader is referred to Volume II.

5.2 Mass Conservation

In order to derive the mass conservation law for a continuous system S, we introduce
the basic assumption that its mass is continuously distributed over the region C(¢)
occupied by S at the instant 7. In mathematical terms, there exists a function p (x, )
called the mass density, which is supposed to be of class C! on C(t), except for the
points of a singular surface X (¢) of order O (see Sect. 5.2) with respect to p(x, ?)
and the other fields associated with S.

According to this assumption, if ¢(¢#) C C(¢) is a material volume, i.e., the image
under x(X, ¢) of a given region ¢, C Cy, then the mass of c(¢) at the instant ¢ is
given by

m(cx) =/ p(x,t)dc. (5.19)
c(t)



5.3 Momentum Balance Equation 143

The mass conservation principle postulates that during the motion the mass of any
material region does not change in time:

d
= (x,1)dc = 0. (5.20)
dt Jow"”

With reference to the general balance law (5.1), the mass conservation principle
for an arbitrary fixed volume v assumes the form

4 p(x,t)dc = —/ p(x,t)v-Ndc. (5.21)
dt v v

If the material or fixed volume is subdivided in two regions by a singular surface
3(t) of 0 order with respect to the fields of interest, then the general formulas (5.3)
allow us to obtain the local formulation of the mass balance principle and the
Jjump condition

g_f+V-(pV)=ﬁ+pV-V=0 on C(1) = (1),

[[o(vn —ca)]l =0 on I(1). (5.22)

5.3 Momentum Balance Equation

Let S be a continuous system and let p(x,¢) be its mass density in the current
configuration. In the following discussion any dependence on time ¢ will be omitted
for the sake of simplicity.

A fundamental axiom of continuum mechanics is the momentum balance
principle:
For any arbitrary material volume c of S it holds that

Q(c) = F(c, ). (5.23)

where
Qc) = fpvdc (5.24)

is the momentum of ¢ and ¥(c, c) is the resultant of all the forces acting on c from
its exterior c€.

In a first simplified approach to continuum mechanics, the external actions on ¢
are divided into mass forces, continuously distributed over ¢, and contact forces,
acting on the boundary dc of c; therefore,

F(c,c®) = /pbdc—i—/ tdo, (5.25)
c ac
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where b is the specific force, defined on ¢, and t is the traction or the stress, defined
on dc.

With such an assumption, the first integral in (5.25) represents all (gravitational,
electromagnetic, etc.) forces acting on the volume ¢ from the exterior of S and the
vector b is an a priori assigned field depending on x and . On the other hand, t
is a field of contact forces acting on dc which come from the molecular attraction
between particles of ¢¢ and ¢ at the boundary dc.

The contact forces, which are strictly influenced by the deformation of S, are
unknown, as are reactions in rigid body mechanics. The main difference between
reactions and contact forces is the fact that for the latter, we can provide constitutive
laws that specify their link with the motion of the system.

At this stage, some remarks are necessary to show how restrictive the previous
hypotheses are. First, the mass forces acting over ¢ could originate from other
portions of S, external to c¢. This is just the case for mutual gravitational or
electromagnetic attractions among parts of S. In fact, mass forces are unknown
a priori, and the need arises to add to the motion equations the other equations
governing the behavior of those fields which generate such forces.

As an example, if b is the gravitational field produced by the system itself, it
is necessary to introduce Poisson’s equation for this field (see Volume II for other
examples).

Furthermore, the assumption made about contact forces means that molecular
actions can be uniquely represented by the vector t do. According to this assumption
the approximation of a simple continuum is usually introduced. But when the need
arises to capture essential features linked to the microstructure of the body, contact
actions are better represented by a vector t do as well as a torque m do. In this case,
the approximation of a polar continuum (E. and F. Cosserat, 1907) is used, and the
related model is particularly useful in describing liquid crystals, due to the fact that
molecules or molecule groups behave as points of a polar continuum.

Anyway, in the following discussion and within the scope of this first volume,
the classical assumption of m = 0 will be retained, so that S will be modeled as
a simple continuum. Since molecular actions have a reduced interaction distance,
the force acting on the surface do depends on the particles of S adjacent to do
and not on particles far away. This remark justifies the Euler—Cauchy postulate that
the vector t, acting on the unit area at x, depends on the choice of the surface only
through its orientation, i.e.,

t = t(N), (5.26)

where N is the outward unit vector normal to do.>

This assumption is equivalent to saying that the traction t depends on the
boundary dc only to first order; i.e., t depends on the orientation of the tangent
plane at x € dc and not on the curvature of dc.

3See the footnote of Sect. 5.1.
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It is customary to introduce the decomposition
t=1N+t,,

where the component 7, = t - N is called the normal stress and the component t,, is
called the shear stress.

By applying (5.23) to a material volume ¢ and using definitions of momentum
and external forces, we obtain

d
E/pvdc =/ t(N) da+/pbdc. (5.27)
c dc c

Then, applying Theorem 5.1 to (5.27), we have:

Theorem 5.2. [ft,b and the acceleration a are regular functions, then the action-
reaction principle also holds for stresses, i.e.,

t(N) = —t(—N). (5.28)

There exists a second-order tensor T, called Cauchy’s stress tensor, such that t
is a linear function of N, so that

t(N) =T-N. (5.29)

The tensor T depends on (X, t), but is independent of N.

In the next section, it will be proved that T is a symmetric tensor; therefore,
its eigenvalues are real and there is at least one orthonormal basis of eigenvectors.
Eigenvalues are known as principal stresses and eigenvectors of T give principal
directions of stress characterized by the following property: the traction t, acting on
the area do normal to the principal direction u, is normal to da, or, equivalently, on
this area there are no shear stress components (see Exercise 2).

When (5.29) is substituted into (5.27), the balance equation with the general
structure (5.1) is recovered, where

f=pv, & =-T, r=pb
Taking into account (5.3) as well as the local form of the mass conservation (5.22),
the local expression of the momentum balance and the jump condition can be
easily derived:

pv =V -T+ pb, (5.30)

[[ov(cy —vn) + Tn]] = 0. (5.31)
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In the case of a material surface, the jump condition (5.31) reduces to Poisson’s
condition

([T = 0.

on which are based the stress boundary conditions.

We observe, in fact, that one of the most interesting material surfaces is the
boundary of a body, so that the mechanical interaction of two sub-bodies is uniquely
determined by tractions on this surface, of equal magnitude and opposite sign.

5.4 Balance of Angular Momentum

Within the framework of nonpolar continua, in addition to (5.27), the balance of the
angular momentum is supposed to hold:
For any material volume of ¢ we have:

K., = M, (c.c). (5.32)

where
K,, = /p(x —Xp) X vdc (5.33)
c

is the angular momentum of ¢ with respect to Xo and My, (c, c®) is the moment with
respect to X of all forces acting on ¢ from its exterior c€.
The assumption that S is a simple continuum implies that

M, (c,c®) = | (x—x0) x TNdo + /,o(x —Xp) x bdec. (5.34)
ac c

Here again, by using the expressions (5.33) and (5.34), the relation (5.32)
assumes the general structure (5.1), where

f=px—xp)xv, ®=—-(x—x9)xT, r=p(Ex—x0) %XDb.
As a consequence, (5.32) is equivalent to the local conditions (5.3); in addition,
by recalling (5.30) and (5.31) and by considering the continuity of (x — X() across

¥, we find the following local condition:

€iinThi =0, (5.35)
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which shows the symmetry of the stress tensor*

T=T1". (5.36)

To summarize, mass conservation, momentum balance, and balance of angular
momentum give the following 4 differential equations

p +pV-v=0,
pv=V-T+ pb, (5.37)

for 10 unknown fields: p(x, 1), v(x, ), and T(x, ¢), where T = T’ .

Thus, we reach the conclusion that (5.37), with jump conditions (5.22), and
(5.31), do not form a closed set of field equations for the unknown fields; therefore
we need to introduce constitutive laws connecting the tensor T with the fields
p(x,t) and v(x, t). This conclusion could also be reached by observing that relations
(5.37) are of general validity, in that they do not contain any information about the
constitution of the continuous body. But it is also evident that different materials
will suffer different stress states if subjected to the same action.

This aspect will be discussed in Chap. 7 in a rather general framework.

5.5 Energy Balance

Up to now, we have only considered purely mechanical aspects of the motion of
the continuous system S. When dealing with relations between heat and work, we
must introduce an additional field equation: the energy balance or the first law of
thermodynamics:

1. To any arbitrary material volume c of S we can associate a scalar function E(c),
called the internal energy, such that if T (c) is the kinetic energy of c, then the
total energy content of ¢ is given by E(c) + T (c);

2. The total power exchanged by c with its exterior c® is represented by the
mechanical power P(c,c®), due to external forces acting on c, and the thermal
power Q(c,c®);

3. The time change of energy of ¢ is given by

E(c) +T(c) = P(c,c®) + O(c, ¢°). (5.38)

As a matter of definition, we remark that the term kinetic energy indicates the
macroscopic kinetic energy associated with the macroscopically observable velocity

4Cauchy’s stress tensor is not symmetric in the case of a polar continuum.
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of the continuous system. Random thermal motion of molecules, associated with
temperature, is part of the internal energy.

As a particular case, when E(c) = Q(c,c®) = 0, (5.38) reduces to the kinetic
energy theorem

T(c) = P(c,c), (5.39)

which states that the rate change of the kinetic energy is equal to the power of the
forces acting on c.

In continuum mechanics, quantities appearing in (5.38) have to be expressed as
integrals of scalar or vector fields defined on c. To this end, for nonpolar continua
we suppose that

E(c) = [pe dce, T(c) = /%pvzdc, (5.40)

where ¢ is the specific internal energy.
Moreover, making reference to (5.27) and (5.29), the mechanical power can be
written as

P(c,c) = /pb-vdc—i—[ v-TN do, (5.41)
c dc

so that it assumes the meaning of the rate at which the body forces per unit mass
and the traction per unit area are doing work.
Similarly, an additive decomposition is also assumed to hold for the thermal

power Q(c, c®):
0(c,c®) = /,or dc—i—/ sdo, (5.42)
c dc

where r is a distributed specific heat source (supposed to be a given function of
(x,1)) and s represents the thermal power flux through the boundary dc.
According to the Euler—Cauchy postulate, we also have

s = s(x,t,N), (5.43)
so that, referring to theorem (5.5), we write
s(x,t,n) = —h(x,1) - N, (5.44)
where the vector h is the heat flux vector and the negative sign accounts for the fact
that [, h(x,) - Ndo represents the outward heat flux.

By virtue of the above considerations, formally expressed by (5.39), (5.41), and
(5.44), (5.38) can be written as
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d 1
—/,0 e+ v’ ) dc = (V-TN—h~N)d0—i—/p(v-b—i—r)dc, (5.45)
dt c 2 dc ¢

and usual arguments lead to the following local equation and jump condition:

pe=T:Vv—-V . -h+ pr on C(¢),

[[p(%v2+e)(c,1—v,,)+v-Tn—h-nH=0 on 3(t), (5.46)

where C|(¢) is the region occupied by S at the instant # and X (¢) is a singular surface.
Furthermore, it can be proved that

T:Vv=T:D="T;D, (5.47)

by simply considering the decomposition of the velocity gradient tensor (4.14) and
recalling that T is a symmetric tensor and W is skew-symmetric.

5.6 Entropy Inequality

A relevant concept of continuum mechanics is the temperature. As distances are
measured by means of rulers, so the temperature of a body is measured by means of
cylinders containing substances (mercury, alcohol, or others) whose expansion laws
are well established. Such a device is called a thermometer and the measuring scale
is rather arbitrary, as is the scale of a ruler. But independent of the device used to
measure the temperature, there exists a lower bound, below which the body cannot
be cooled further.

If this lower bound is assumed to be 0, then the corresponding temperature scale
0 is called the absolute temperature, where

0< 0 < oo.

When Q(c, ¢®) > 0, the region c is receiving thermal power from c¢; the reverse
is true when Q(c,c) < 0, e.g., the region c is providing thermal power to c. It
should be noted that the energy balance principle does not contain any restriction
on the value of Q(c,c¢). On the contrary, experience shows that work can be
transformed into heat by friction and there is no negative limit to Q(c, ¢®). On the
other hand, experience also shows that a body can spontaneously receive heat from
its surroundings at constant ambient temperature 6 until it reaches the same ambient
temperature.

By using these arguments we conclude that there exists an upper bound of
Q(c, c®), denoting the maximum heat power which can be absorbed by the region
¢ during an isothermic transformation. This statement is formally expressed by the
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entropy principle or the second law of thermodynamics for isothermal processes:
For any material volume ¢ whose evolution takes place at constant temperature,
there exists an upper bound for the thermal power

0(c,c®) < B(c). (5.48)
If the entropy S of the material volume c is introduced through the definition
6S(c) = B(c), (5.49)
then the previous inequality becomes
0S(c) > O(c,c®), (5.50)

which is known as the Clausius—Planck inequality.

The extension of this principle to a continuous system S is not straightforward, as
the temperature depends not only on time (as in the case for isothermic processes),
but also on the pointx € C.

At first glance, we might suppose that we could apply (5.50) to any element of
the continuum system S. But a deeper insight would indicate that this assumption
has serious shortcomings, as it cannot explain many phenomena occurring inside
the system. For this reason, we state the following more general formulation of the
entropy principle or the second law of thermodynamics:

Let S be a continuum system and let ¢ be any arbitrary material volume of S.
There exist two scalar functions S(c) and M(c, c®), called entropy and entropy
[flux, respectively, such that

S(c) = M(c,c®), (5.51)
where
S(c) = /pndc, (5.52)
and
M(c.c®) = /{;'id0+/pkdc. (5.53)

In (5.52) and (5.53) n is the specific entropy, i is the density of the conductive
part of the entropy flux, and k is the density of the entropy flux emanating by
radiation.

Assuming i = i(x,?,N), we can write i = j(x,?) - N and the following local
equations hold:
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pn=V-j+ pk,
[[ PTI(Cn - Vn) +j : l’l]] >0, (5.54)
under the usual assumption of regularity of the introduced functions.

It is important to investigate the structure of the fields j and k. The Clausius—
Plank inequality (5.50) applied to a material element dc of S,

d
GE(PU dc) > (—=V-h+ pr)dc, (5.55)
leads to the inequality
—V-h
pirz — (5.56)

If, in addition to (5.56), we introduce the Fourier inequality
h-V6 <0, (5.57)

which states that heat flows from regions at higher temperature to regions at lower
temperatures, then (5.56) and (5.57) imply the Clausius—Duhem inequality

> v hy (5.58)
pn = g TPy .
which can be regarded as a generalization of the previous relations.
By comparing (5.58) to (5.54), we find that j and k assume the following
expressions:

_.h k=1 (5.59)
J - 9 ’ - 9 ) .
and (5.54) becomes

h r
n> -V .— _
n = 9 + pe,
h

Hpn(cn — V) — 7l “H > 0. (5.60)

But, owing to (5.46);, we can write —V - h + pr = pé — T : Vv and substituting
into (5.60);, we get the reduced dissipation inequality

. . h-V
—p(¥ +10)+T:Vv— 9920, (5.61)
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where the quantity
Y =€—0n (5.62)

is the Helmholtz free energy.

Finally, if the temperature 0 is supposed to be constant across the surface X (t),
by eliminating the term [[h - n]] appearing in (5.46), and (5.60),, we obtain the
additional jump condition

Hp(%vz +Y)(en —va) + V- Tnﬂ <0. (5.63)

At this stage, the reader should be aware of the introductory nature of the material
discussed here. In the next chapter the essential role played by the inequality (5.61)
in continuum mechanics will be highlighted (in particular in Sects. 6.1 and 6.2).
Moreover, a critical review of the present formulation of thermodynamics will
be presented in Sect. 6.1, and alternative formulations will also be discussed in
Chap. 11.

At the moment, it is worth noting that there are applications where the energy
flux of nonmechanical nature (represented by the term —h-n) and the entropy
flux (—h -n/6) can require more complex relations. For instance, in the theory of
mixtures . Mueller (see [39]) showed that this form of the entropy flux has to be
modified. This is not surprising if we consider continua where electrical charges
and currents are present. In this case, in the energy balance equation there are flux
terms of both thermal and electromagnetic energy, the latter through the Poynting
vector, while in the entropy inequality the ratio between the heat flux vector and the
absolute temperature still appears. Nevertheless, even when we limit our attention to
thermal and mechanical phenomena, the need can arise for postulating the presence
of an extra term of energy flux, which does not appear in the entropy inequality
(see for example the interstitial theory of J. Serrin & J. Dunn [61], suggested to
model capillarity phenomena). Finally the same need arises when dealing with
ferromagnetic and dielectric continua (see [53, 54]).

5.7 Lagrangian Formulation of Balance Equations

It will be shown in the next chapter that (5.37) and (5.46);, under certain circum-
stances, allow us to compute the fields p(x,7), v(x,?), and 6(x,?) in the current
configuration C. But in many cases it is of interest, especially from a physical point
of view, to compute the same fields as a function of (X,?), e.g., in the reference
configuration Ci.

Let X, (¢) be the Lagrangian image in C, of the singular surface X(¢) C C(t),
having the equation

F(X,t) = f(x(X,1),t) = 0. (5.64)
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*
¥ F(X,0) =0

Fig. 5.3 Singular surface in the space-time
If, in particular, ¥(¢) is material, then F is independent of . The function

F (X, t) is continuous, as it is composed of continuous functions. Further, it is also
differentiable. In fact, we have that

oF ad
dF = —dX| = _fFiLdXL = |VfiniFipdXy.
aXL 8)(,'
But, in the absence of fracture inside the body, dx;n; = n; F;pdX| is continuous

and F is differentiable. Then, it is possible to define the normal speed cy of the
moving surface F(X,?) = 0 by the relation (see Fig. 5.3, where the dotted lines
denote the trajectories of the points of the continuum)

1 OF
- 5.65
NTTWE o (565)

When X (¢) is material, c¥ = 0 since v, = ¢,.

We now devote our attention to the Lagrangian formulation of balance equations.
For the mass balance equation, by considering (3.8) and (5.19) we obtain

m(cy) = /Cp(x,t) dc 2/ px(X) dcx,

Cx

or

/ [D&(X. )] — pa(X)] dex = 0.
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Since cx is an arbitrary volume, taking into account the regularity of the
density field on (Cyx — X), we derive the local Lagrangian formulation of mass
conservation:

oJ = pa, (5.66)

which allows us to compute the mass density once the motion is known; conse-
quently, J is also determined, since p. is an initially assigned value. We also observe
that (5.66) implies that on X (¢) we have

(p))= = (p)*.

Similar arguments can be applied to the momentum equation

d
—/pvdc:/ TNdU—i—/pbdc,
dt c ac c

where N is the unit vector normal to dc, which, by using (3.7), (3.8), and (5.66), we
can write as

d

z/ PV dCy Z/a JTEFHIN, d0*+/ pxbdcs.

If we introduce the first Piola—Kirchhoff tensor,
Te =JTE)  (Tari = IT;(F ")), (5.67)
then the previous global equation becomes

d
— | p«vdcs =/ T«N. dox +/ pxbdcx, (5.68)
dt Cx dcx Cx

which, under the usual assumptions of regularity, allows us to derive the local
conditions

pxa = Vx-Tx + pib on C(t) — X(¢),
[[oxV ey + Tuny]] =0 on (), (5.69)

where Vx- is the divergence operator with respect to variables X7 .
It is also relevant to note that the definition (5.67) and the symmetry of the stress
tensor (5.36) give

T.F' = FT”. (5.70)
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If on the boundary dC or in some part of it there acts the traction t(x), x € dC,
then Cauchy’s stress tensor T satisfies the following boundary condition:

TN =t. (5.71)

By multiplying this relation for do and taking into account (3.19), we obtain the
traction t, = TN, acting on the boundary in the reference configuration:

B do
" doy

t. t. (5.72)

Finally, it can be easily verified, starting from (3.17), that

do = J /N, - C"!N, do. (5.73)

We remark that the first Piola—Kirchhoff stress tensor has the shortcoming of
being a nonsymmetric tensor, so that it is not so appropriate in constitutive laws
involving symmetric deformations (as for example G, see Sect. 3.4). This argument
suggests the introduction of the second Piola—Kirchhoff tensor T, symmetric in
nonpolar continua, defined in such a way that the force t do transforms into . do
according to the transformation rule of material vectors (4.28):

TN, do, = F~'(TN) do. (5.74)

By recalling the transformation formula of surfaces (3.7), we see that

TN, do, = F Y (TJEFHN,) do,,
and finally
T, =JF'TE ). (5.75)
By comparing with (5.67), we also find that
T, = T.(F )7, (5.76)

and the momentum equation (5.69); becomes

pxa = Vx(T«FT) + pyb. (5.77)
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Similar considerations apply to the energy balance equation (5.45), which

assumes the global Lagrangian formulation

d 1
o /C* o (8 + Evz) dcyx = aC*(v - T«Nyx —hy - Ny) dox

+/ p*(V'b+r)dC*,
Cx
where
h, = Jh(FHT.
From (5.78), the local equations follow:

peé =T:F —Vx hotpr  inC(t)— (),

1
|:[,0* (—V2+€) cN +V-T*n*—h*-n*ﬂ =0 on X(¢).

2
Finally, the global form of entropy inequality

d / h, - Ni r
— pxndc 2—/ da—i—/ Px— dcCx,
dtr Je ’ * dexty 0 i cx (1) 0T

locally implies that

0
|:[,O*ncN _h gn*ﬂ >0 on X(1).

Similarly, to (5.61)—(5.63) correspond the Lagrangian expressions

p«i) = —Vx (h) + p*g in C(1) — (1),

h, - Vx6
0

|:|:,o* (%vz—i—W) cN —I—V-T*n*:|j| <0 on X(1).

—px (Y + 00) + Ty : KT — >0  inC(t)— (),

(5.78)

(5.79)

(5.80)

(5.81)

(5.82)

(5.83)
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5.8 The Principle of Virtual Displacements

All the previously discussed balance laws refer to dynamical processes. As a
particular case in static conditions they merge into the following equilibrium
equations:

V-T+pb=0,
—V-h+ pr =0. (5.84)

More specifically, if equilibrium is reached at uniform temperature, then the heat
flux vector vanishes (also see next chapter) and from (5.84), it follows that r = 0. In
the following discussion we will focus on the case of constant uniform temperature,
with the equilibrium condition expressed by (5.84);.

Let S be a system at equilibrium in the configuration Cj, subject to mass forces of
specific density b. Moreover, for boundary conditions we assume that a portion dC}
of the boundary dCj is subjected to prescribed tractions t, while the portion dC{ is
fixed. If du(x) is a virtual infinitesimal displacement field, with the restriction that
it be kinematically admissible, i.e., it is a vector field of class C'(Cy) and vanishing
on dC;’, then from (5.84); we have the following global relation:

/ VT'Sudc—i-/ b-dudc =0,
Co

Co

which also can be written as

[V(T-Su)—T:VSu]dc+/ b-dudc = 0.

Co Co

Gauss’s theorem, taking into account that fu = 0 on GC(;’ , leads to

/ T:Véudc=/ b-8udc+/ t-Sdudc. (5.85)
Co Co BCO/

Note that, if (5.85) holds for any kinematically admissible field u, then (5.84)
is satisfied. This remark proves that (5.85) is an expression totally equivalent
to equilibrium conditions and allows us to state the following: The continuous
system S, whose boundary is partially fixed, is at equilibrium in the configuration Cy
under the external forces b and t if and only if the work done by these forces, given
a kinematically admissible and infinitesimal displacement, is equal to the internal
work done by stresses to produce the deformation field Véu associated with the
displacement field.
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We remark that the previous global form of the equilibrium condition is just one
of the possible expressions of the principle of virtual displacements (or principle
of virtual work, as it is often referred in the literature) for a continuous system.
Early expressions are due to D’Alembert and Lagrange. In particular, Lagrange,
in his Mécanique Analytique (1788) stated that “any equilibrium law, which will be
deduced in the future, will always be interpreted within the principle of virtual work:
equivalently, it will be nothing else than a particular expression of this principle.”

In Chap. 1 of Volume II it will be shown that the principle of virtual work
is a weak or variational formulation of the equilibrium problem. This different
perspective, apparently not investigated after Cauchy introduced the variational
formulation of differential equations (5.84) and related boundary conditions, is now
considered to be the most convenient tool for deriving the equilibrium solutions (see
also Chap. 10 and Appendix A).

5.9 Exercises

1. Given the stress tensor at the point P

300 —50 0
T; = —-50 200 0 |,
0 0 100

derive the stress vector acting on a plane, through P, parallel to the plane shown
in Fig. 5.4.

Since any vector normal to this plane is also normal to vectors AB and BC,
it can be expressed as

B=(02,0)

Fig. 5.4 Cauchy tetrahedron
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€ € es
—_— =
n=ABxBC =|-22 0| = 6e; + 6e;, + 4des,
203

and the unit normal vector i has components

3 3 2
(«/22’ V22’ x/zz) '
Applying (5.29), we find the required stress vector to be

300 —50 0\ (3/v22 750/v22
" =Tyn; = =50200 0 || 3/v22]=]450/22
0 0 100/ \2/+/22 200/v/22

2. Given
t, =n-Tn withn-n =1,

verify that the maximum and minimum values of the normal component 7, act
along the principal directions and coincide with the principal stresses.

In seeking the above constrained extremal values, we can use the Lagrangian
multiplier method, which requires us to seek the extrema of the function

Fm)=t,—A(m-n—1)=n-Tn—A(n-n—1),

where A is a Lagrange multiplier. The method requires the derivative of F(n)
with respect to 1 to vanish, i.e.,

% (T,-jnjn,- —A (ﬂ,’l’li — 1)) = 0,

or equivalently,
(Tij = A8k;) nj = 0,
which shows that the problem is nothing other than the eigenvalue formulation
for principal stresses, as already discussed in Sect. 5.2.
If the characteristic equation is written in the form (see Sect. 3.3)

MBI A2+ T A =111 =0,

then it is plain that the algebraic nature of eigenvalues of T, which are real
owing to the symmetry of T, depends on the principal invariants. If there are
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three distinct eigenvalues, then there are three distinct principal stresses and the
stress state is called triaxial; if two eigenvalues are coincident, then the stress
state is said to be cylindrical and there are no shear stresses on any plane parallel
to the cylinder axis, which is the only determined direction; finally, if all three
eigenvalues are coincident, then all directions are principal and the stress state is
said to be isotropic or spherical or hydrostatic, because it is the stress state that
exists in a fluid at rest.

3. Prove that, in a rigid body rotation where v = @ X r, Egs. (5.32) and (5.40),
reduce to the balance equation of angular momentum and to the kinetic energy
for a rigid body.

By referring to the expression of double vector product, from (5.32) we find
that

. d d
M0=K0:%/;rxpvdc=E/erp(wxr)dc

:%/VP(|I‘|20’—(I‘-!)r)dc=%/;p<|r|21—r®r>dc(w)’

where 1 is the identity mapping and r ® r is a linear mapping such that r @ r
(w) =(r-w)r.
If

Io =/p<|r|21—r®r>dc
v

denotes the tensor of inertia with respect to a fixed pole O, then

d
MO = E (Io(z)) .

Finally, substituting v = @ X r into (5.40),, we obtain

1 1
E/vazdc=§/1/p(wxr)-vdc

1 1 1
— | prxv-wdc==-Kp-0w=-w-1pw,
2J)y 2 2

T

where it has been taken into account that @ is independent of r and Ky = Ipw.
4. At a point of a continuous system S the rate of deformation and the stress tensor
have components given by

164 4 0 -1
D;=1632), T;=| 0 -1 3
425 -13 5

Determine the stress power T;; D;;.
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5. Prove that in any motion the diffusion equation of Beltrami is satisfied:

d (w 1 /1
— [ =)l==[-V -V .
dt(p) p(Z Xa—+w V), (5.86)

where w is the angular velocity, p the mass density and v the velocity field.
Hint: First, from the mass conservation, we have that

d (0 © wp
dat\p) p ¢
=2+2VV
PP
19 1
:——w+—v~Vw+a—)V~v.
por p o

Beltrami’s formula is proved when the curl of (4.18) and one of the formulae of
Exercise 6 in Sect. 2.8 are taken into account.
Note that, when V x a = 0 (see Sect. 9.3), (5.86) reduces to

d (w 1
— | —)=-®w -V .
r (p) pa) Vv, (5.87)

6. Prove that the plane velocity field

xlz—xg X1X2

V1 =4 . V2=2Ar—4,

4

where A is a constant and r> = x7 + x3 is a possible irrotational motion of a
liquid.
Hint: Verify that V - v = 0.
7. Prove that the plane flow that in polar coordinates (r, ¢) has components:

sinf
r2’

cos ¢
r2’

v, =(1— r2) v, = (1 + rz)

satisfies the mass balance if p is constant. Analyze the streamlines of the flow.



Chapter 6
Constitutive Equations

This chapter contains a wide discussion about the constitutive axioms. These axioms
constitute general rules that any material must satisfy in answering to external
agents. The first two of them state that the answer of a material at a point depends,
in a certain way, on past history of a neighborhood of that point. The third one is
the objectivity principle stating that the response of materials does not depend on
the rigid frame of reference adopted to observe their behavior. The fourth is the
equipresence principle postulating that, a priori, the fundamental variables of the
thermokinetic process influence all the fields describing the answer of the body.
Finally, the last one, the dissipation principle, requires that materials, in reacting to
the external agents, satisfy the second principle of thermodynamics in any process.
In such a way, the entropy inequality becomes a restriction on the constitutive
equations rather than a restriction on the processes. The effects of these principles
on the constitutive equations are analyzed for thermoviscoelastic materials.

6.1 Constitutive Axioms

It has already been stated in Chaps. 4 and 5 that balance equations are general
relations whose validity does not depend on body properties. However, we also
know from experience that two bodies with the same dimensions and shape may
react differently when subjected to the same load and thermal conditions.

Thus we intuitively conclude that, in contrast to rigid body dynamics, the
evolution of a continuous deformable body cannot be completely predicted by
knowing the equations of motion, the mass distribution, and the external forces
acting on the body. We will now use the results of Chap. 5 to express this statement
in a formal way.
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In the Eulerian description, {p, v, T, €, h, 6} represent the unknown fields, and the
balance equations for mass conservation, momentum balance, and energy balance
are the equations we use to determine these fields. Similarly, in the Lagrangian
description, the unknowns become {v, T, €, hy, 8} and the balance equations are
the momentum balance and energy balance.

In both cases the balance equations do not form a closed set of field equations
for the above-mentioned fields, so that we must add relations that connect the stress
tensor, the internal energy, and the heat flux with the basic fields.

These relations are called constitutive equations because they describe the
material constitution of the system from a macroscopic view point.

In order to obtain such relationships, we presume that the macroscopic response
of a body, as well as any macroscopic property of it, depends on its molecular
structure, so that response functions could in principle be obtained from statistical
mechanics, in terms of the average of microscopic quantities.

As a matter of fact, such an approach, although promising from a theoretical
point of view, is not straightforward if applied to the complex materials that interest
us in continuum mechanics.

In addition, the basic assumption of continuum mechanics consists of erasing
the discrete structure of the matter, so that constitutive equations are essentially
based on experimental evidence. Again, this is not an easy task, but continuum
mechanics greatly simplifies this task through the introduction of general rules,
called constitutive axioms. In fact, they represent constraints for the structure of
constitutive equations.

In order to discuss these axioms, we introduce some definitions.

The history of a thermokinetic process up to time t is defined by the two
functions

xs =x(Y, 1), 05 = 6(Y, 1) (Y,7) € Cy x (—00,1]. (6.1)

According to this definition, two processes are locally equivalent at X if there is at
least a neighborhood of X in which the two histories coincide.

By dynamic process we mean the set of fields x(Y,?), 0(Y,?), T«(Y,1),
€(Y,1), hy(Y,1), n(Y,1), where T,FT = FTz, which are solutions of equations
(5.69)1—(5.80)1, under a given body density b and a source r.

Taking into account all the previous remarks, it turns out that the material
response is formally expressed by the set of fields A = {Tx, €, hy, n}, which
depend on the history of the thermokinetic process. Constitutive axioms, listed
below, deal with such functional dependence.

1. Principle of Determinism (Noll, 1958).
At any instant t, the value of A at X € Cyx depends on the whole history of the
thermokinetic process X, 0 up to the time t.
This is equivalent to stating that the material response at X € Cy and at time
t is influenced by the history of S' through a functional

A = Y (X, 05, X), 6.2)
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which depends on X € C, (nonhomogeneity) as well as on the reference
configuration.

If the Eq. (6.2) are substituted into (5.69)1, (5.80);, with T, F = FTI, then
a system of 4 scalar equations for the 4 unknown functions x(X,?), 6(X,?) is
obtained. If b and the history of the process are given up to the instant #y under
suitable boundary and initial conditions, then this system allows us to predict, at
least in principle, the process from #, on.

Note that (6.2) assumes that the material has a memory of the whole history of
the motion. We make two remarks about this assumption: first, it is unrealistic to
have experience of the whole history of the thermokinetic process; moreover, the
results are quite reliable if we presume that the response of the system S is mainly
influenced by its recent history. Depending on the kind of memory selected, there
are different classes of materials (e.g., materials with fading memory, plastic
memory, and so on). Furthermore, if only the recent history (how recent has to
be specified) is supposed to be relevant, then for suitably regular motions in Cy x
(—o0, t], the history of the motion can be expressed, at least in a neighborhood of
(X, 1), in terms of a Taylor expansion at the initial point (X, ¢) of order n. Such
an assumption allows us to consider a class of materials for which A depends on
F as well as on its spatial and time derivatives evaluated at (X, ¢):

A =A(F F VyF, . . . X). (6.3)

The materials described by a constitutive relation (6.3) are said to be of grade n
if n is the maximum order of the derivatives of motion and temperature.

It is worthwhile to note that this principle includes, as special cases, both
classical elasticity and the history-independent Newtonian fluids (see Chap. 7).

2. Principle of Local Action (Noll, 1958).
Fields A(X, t) depend on the history of the thermokinetic process through a local
class of equivalence at X.

According to the notion of contact forces, this principle states that the
thermokinetic process of material points at a finite distance from X can be
disregarded in computing the fields A(X, ¢) at X.

The previous two principles (i.e., determinism and local action), when
combined, imply that the response at a point depends on the history of the
thermokinetic process relative to an arbitrary small neighborhood of the particle.
Materials satisfying these two principles are called simple materials.

3. Principle of Material Frame-Indifference.
Constitutive equations (6.2) must be invariant under changes of frame of
reference.

We first remark that the principle of material frame-indifference or material
objectivity is not to be confused with the term objectivity in the sense of
transformation behavior as discussed in Chap. 4.

In fact, the term objectivity denotes transformation properties of given
quantities, whereas the principle of material objectivity discussed here postulates
the complete independence of the material response from the frame of reference.
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In other words, since constitutive equations represent a mathematical model
of material behavior, they are supposed to be independent of the observer. To
make this principle clear, consider a point P with mass m moving in an inertial
frame I under the action of an elastic force —k(x — X¢), where O is the force
center. The motion equation of P in [ is written as

mX = —k(x — Xp).

If a frame I’ is considered to be in rigid motion with respect to I, so that the
transformation X' = xq(¢) + Q(t)x holds, where xq(¢) is the position vector
fixing the origin of I with respect to I’ and Q(¢) is an orthogonal matrix, then
the motion equation assumes the form

mX = —k(xX' —x,)) —ma, — 2mw xx',

where a, and @, are the acceleration and the angular velocity of I’ with respect
to I. The motion of P in I’ can be obtained by integrating this equation
or, alternatively, by integrating the previous one and by applying the rigid
transformation rule to the result. In this example it is relevant to observe that,
when writing the motion equation in /', it has been assumed that the elastic force
is an invariant vector and the constitutive elastic law is invariant when passing
from I to I'.

In summary, the principle of material frame-indifference states that consti-
tutive quantities transform according to their nature (e.g., € is invariant, Ty is
a tensor, and so on), and, in addition, their dependence on the thermokinetic
process is invariant under changes of frame of reference.

4. Principle of Dissipation (Coleman e Noll, 1963).
Constitutive equations satisfy the reduced dissipation inequality (5.83); in any
thermokinetic process compatible with momentum and energy balance (5.69);,
(5.80);.

To investigate the relevance of this principle, we first observe that, given (6.2)
with T,F” = FT”, the momentum and energy balance equations can always be
satisfied by conveniently selecting b and r. This remark implies that momentum
and energy balance equations (5.69), (5.80); do not, as a matter of principle,
play any role of constraint for the thermokinetic process; in other words, any
thermokinetic process is a solution of the balance equations provided that b and
r are conveniently selected.

Moreover, we note that the reduced dissipation inequality is equivalent to the
entropy principle, presuming that the energy balance is satisfied. Historically,
the entropy inequality has been considered to be a constraint for the processes:
i.e., only those processes that are solutions of the balance equations and satisfy
the second law of thermodynamics for given body forces b, energy sources, and
prescribed boundary conditions are admissible. It is apparent how complex such
a requirement is, since explicit solutions can only be obtained in a few cases.
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A different point of view was introduced by Coleman and Noll. They entrust
the reduced dissipation inequality with the task that it be a further constraint
for the constitutive equations, i.e., these equations must satisfy the reduced
inequality in any process that is compatible with the momentum and energy
balance. In a rather effective way, one could say that the material itself is required
to satisfy the second law of thermodynamics in responding to any thermokinetic
process.

A further remark is concerned with the fact that there is no general agreement
on the possibility of arbitrarily selecting the thermodynamic process and then
finding the functions b(X,) and r(X,¢) from the momentum and balance
equations. In fact, it is argued that such a choice could be physically very difficult
or even impossible. As a consequence, it should be more appropriate to require
(see [29] and [39]) that the dissipation principle be satisfied for those processes
in which the momentum and energy balance are satisfied with arbitrary but
prescribed forces and energy sources.!

. Principle of Equipresence (Truesdell and Toupin, 1960).
All constitutive quantities depend a priori on the same variables, i.e., on the
history of the thermokinetic process.

According to this principle, response functions that depend on only one of the
two components of the thermokinetic process cannot be postulated, i.e., the stress
tensor cannot be supposed to depend only on the motion and the heat flux on the
temperature field. This remark is especially relevant for composite materials and
in the presence of interaction phenomena, because in such cases it ensures that
coupled phenomena are properly taken into account.

The mathematical theory of the constitutive equations is a rather broad branch

of continuum mechanics, so that it is almost impossible to give a complete review
of this subject in a textbook. For this reason, here only one class of materials will
be considered with the twofold aim: to give the reader examples of applications of
the general principles discussed above and to introduce the behavior of the most
common materials that are considered in this volume. Materials exhibiting a more
complex behavior will be analyzed in Volume II.

6.2 Thermoviscoelastic Behavior

Material behavior described in this section exhibits the following features:

* the stress state depends on temperature and on local deformations, i.e., on F;
 internal friction or dissipation phenomena are generated when a part of the
system is in relative shearing motion with respect to other parts, so that the

!This problem will analyzed more extensively in Chap. 11.
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material response depends on temperature and on the velocity gradient Vv =
.

FF

Let S be a continuous system, with Cy its reference configuration and C the

current configuration, associated with the motion x = x(X, ) at the time instant ¢.
We consider a material response such that

A=Ac, (F.F 0,0,X), (6.4)

where @ = Vx0.

We note that, if A is independent of X, then the system S is homogeneous in the
reference configuration C.

Material response, as expressed by (6.4), depends on both the local thermal state,
i.e., the temperature and its gradient in a neighborhood of X, and on the local state
of deformation and its time changes. This dependence justifies the definition of
thermoviscoelastic behavior, given to responses exhibiting the structure (6.4).

Particular cases include thermoelastic behavior if (6.4) does not depend on F, so
that there are no dissipation effects due to internal friction, and elastic behavior if
thermal effects are also disregarded.

Making reference to the constitutive axioms, we first remark that (6.4) satisfies
the determinism and local action principles owing to its dependence on the
thermokinetic process, locally on space and on time.’

As far as the principle of dissipation is concerned, the following theorem can be
proved:

Theorem 6.1. A constitutive equation (6.4) satisfies the reduced dissipation
inequality in any thermokinetic process if and only if the following relations hold:

v =y (F,0),
oy
=~ = F,Q i
n 39 n(F,0)
oY
T = pory = TV (F. 0
Prap (F.0),
. h*-®
T . T - £~ >, (6.5)

2It should be remarked that a material behavior of order 3 is represented by a constitutive response
having the structure

A=Ac, (v,F,VxF.F.0,0.0,6,d%0/dt>, Vx©,X),

where all the third-order derivatives are included. In any case, as shown in Exercise 1, the
objectivity principle rules out the dependence on v and the principle of dissipation does not allow
any dependence on VxF, d30/dt3, Vx®.
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where
T =T (F,0,6,0) (6.6)
is the Piola—Kirchhoff stress tensor at equilibrium and
TY) = T(F,F,0,0) — T(F, 0, 0,0) 6.7)

is its dynamic component.

Proof. If the time derivative of ¥ (F, F, 0, ®) is substituted into (5.83);, then we get
the relation

oy .. 81# oy
e — —
oF, [t P50, (”+ 36
0\ or  hxi-O;
Teri — px=—— | F;; —— >0, 6.8
which can be written in the compact form
a-u+b>0, (6.9)

by assuming that

B oy Iy e e
() a0

] (6.10)
b= tr((T* o ?;é) FT) — ¥

Given that a and b are independent of u, the inequality (6.9) is satisfied, for any
arbitrary u, if and only if a = 0 and » > 0. This is certainly true because of the
choice of the constitutive relations (6.4), so that (6.5); » are proved if it is verified
that u can be arbitrary. This is made possible by virtue of the statement that any
thermokinetic process is a solution of the balance equations, for a convenient choice
of source terms b and r. Because the thermokinetic process is arbitrary, it follows
that F ® 6 are also arbitrary, for a given X € Cy and time ¢.

From all the above remarks it follows that (6.8) reduces to

A . h,-
(T“) — P alé) FT 4T F—T@) >0, (6.11)

where (6.5); and (6.5), have been taken into account. The previous considerations
cannot be applied to this inequality since (6.11) does not exhibit the form (6.9).
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The factor of _FT does not depend on F, whereas the last two terms do. By
substituting oF for F and «® for @, with « a positive real number, (6.11) can
be written as

h,-©
— >0, (6.12)

0 . .
(Tf) - p*%) coFT + T oF —

and, by observing that
lim T (F,aF,0,a0) = 0,
a—>0

from (6.12), by dividing by « and considering the limit ¢ — 0, we find that

oy . h.(F,0,0,0)-©

(e) T *

Ty —ps—=):F ———— > 0.

( * p 3F) 9 =

This inequality implies (6.5)3, so that the theorem is proved. O

Thus we conclude that the principle of dissipation implies that the free energy of
a thermoviscoelastic material

* only depends on the deformation gradient and temperature;

e acts as a thermodynamic potential for the entropy and the Piola—Kirchhoff
stress tensor at equilibrium, and these quantities both depend on F and 6. In
particular, when considering a thermoelastic material, the free energy acts as a
thermodynamic potential for the whole Piola—Kirchhoff stress tensor.

It follows that, given the free energy, the constitutive equations for Tgf) and 7 are
known. Furthermore, the dynamic component of the stress tensor and the heat flux
vector must be defined in such a way that (6.5), is satisfied in any process.

In the Eulerian formulation, by taking into account (5.67) and (5.79) and
observing that

. . . av;
T 7 = T B = JTy Py i = I Ty 5= = JT; Dy,

Xj

hy-© =hy O, =JhF;'®, =Jhigi=Jh-g,

where D is the rate of deformation tensor and g = V6, we find that relations (6.5)
reduce to

v =y(F.0),

_ Y
n= E—W(F»G),
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Iy
T = p—F" = TY(F,0),
PoF (F.0)
h-
T@ . p— Tg > 0. (6.13)

The constraints derived from the material objectivity principle are expressed by
the following theorem:

Theorem 6.2. Constitutive equations (6.13) satisfy the principle of material frame-
indifference if and only if

v =v(C,0),
_
n=-—vg = n(C.0),

Y
T® = 20F——~F"
Poc
T@ = FT“)(C,F'DF, 0, ©)F",
h = Fh(C,F'DF, 6, ©), (6.14)

where C = FTF is the right Cauchy—Green tensor (see Chap. 3).

Proof. To prove the theorem, we recall that in a rigid change of frame of reference
I — I, tensors F, C, and F transform according to rules (see (3.46) and (4.30)):

F=QF (' =C, D =QDQ,
W =QwWQ” +0Q". G =¢, (6.15)

where Q is the orthogonal matrix of the change of frame.
To prove the necessary condition, we observe that the objectivity of ¥
implies that

Y(F.0) =y (QF.0)  vVQe 0().

Resorting to the polar decomposition theorem (see Chap. 1) we can write that
F = RU and assuming that Q is equal to R, we find that

Vv (F,0) =y (U,0),
and since U? = C, (6.14); and (6.14), are proved.

Moreover,

oy oy dCLy oy

—Fip = Fio = Snidro F Fui1 6,6 Fio,
3Fp 70T 3Ciy g 0 aCLM(h Lo Famt + Funr8nidmo) Fio

so that (6.14); is also proved.
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For (6.14)4, since Vxv = F” Vv, it holds that

TOEF,F,0,0) =T F, vv,0,0) =T F,D,W,0,0).

Furthermore, since ® is invariant, the objectivity of T )(F,D,W.,0,0) implies
that

TOFE, D, W, 6,0) = QT

(F,D,W,0,0)Q",
ie.,
T(F,D,W,0,0) = Q"T)(QF,QDQ",QWQ" + QQ".6.0)Q.  (6.16)
fQ=Tand QQ = Q = —W, then (6.16) gives
TOF,D,W,0,0) =T (F.D,0,6,0),
which proves that T is independent of W. It follows that (6.16) reduces to
T“)(F,D.6,0) = Q"T”(QF,QDQ’ . 6,0)Q.

If again the relations F = RU and Q = R are used, we deduce that:

T (F,D.6,0) = RT (U, QDQ". 6, ®)R” = FT(C,QDQ" . 6, ©)F’
and (6.14), is also proved.

Equation (6.14)5 can be verified from similar arguments.

It is easy to check that (6.14); , are also sufficient conditions. As far as (6.14)3 is
concerned, it holds that

0 ad

TOWF 0.0') = 208 2L FT = 20QF L FTQT = QT (F. 6. ©)Q".
aC’ aC

The same procedure proves the other relations. O

A thermoviscoelastic material is incompressible if
J =1 V.v=0<<= V(c) = const, (6.17)

where V(¢) is the volume of any material region ¢ (see (3.20) and (4.25)).

It is relevant to observe that in this case the inequality of the reduced dissipation
no longer implies (6.13), since (6.8) must be satisfied for any process for which
V - v = 0. To take this constraint into account, the inequality R + pV -v > 0,
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instead of (6.8), must be considered, where R represents (6.8) and p is a Lagrangian
multiplier. It can be verified that (6.13); reduces to

d
T("’)(F, 6,0) =—pl + p%FT, (6.18)

where p(x) = p(X) is an undetermined function.
If a thermoelastic behavior, or a thermoviscoelastic behavior at rest, is supposed,
i.e., D = 0, then from (6.13), we derive the condition

h-g <0, (6.19)

which allows us to say that when the system is at rest or there are no viscous effects,
heat flows from higher temperature regions to lower temperature regions.

In addition, observing that the function f(F, 0, 8, g) = h - g attains its maximum
when g = 0, we find that

Vof(F.0.0.2)g—0 = h(F.0,6,0) = 0 (6.20)

and it can be said that in a thermoviscoelastic system at rest, as well as in an elastic
system, we cannot have heat conduction without a temperature gradient, i.e., when
the temperature is uniform.

6.3 Linear Thermoelasticity

In this section, we consider a thermokinetic process of viscoelastic materials
satisfying the following assumptions:

1. the reference configuration Ci is a state of equilibrium in which the stress tensor
is Ty and the temperature field 6, is uniform;

2. the displacement field u(X,¢), its gradient H = Vxu(X,?), the temperature
difference 6 — 6y, and its gradient @ = Vx0 are first-order quantities.

The linearity assumption is equivalent to requiring that powers and products of
these quantities appearing in the constitutive equation of the stress or powers greater
than two in the thermodynamic potentials can be disregarded.

In order to illustrate the physical relevance of the above assumptions, we present
the following two examples:

e Let S be a hollow cylinder with inner radius r;, outer radius r,, and height
[, constituted by a thermoelastic homogeneous material in equilibrium under
uniform temperature and in the absence of forces. Suppose now that a sector (as
shown in Fig. 6.1) is extracted and the extremities A and A’ are welded in such
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D EEBS

Fig. 6.1 Unstressed and stressed cylinders

a way that a new cylinder, whose cross section is no longer circular, is obtained.
If we assume this configuration as a reference configuration Cy, then the stress
state is not zero even in absence of applied forces, and the system will reach a
new equilibrium temperature 6y. Any perturbation of the system not far from Ci
will satisfy only the assumption (2).

¢ As a second example, consider a cylinder of height / filled with fluid. Due to the
weight of the fluid, there is a radial pressure acting on the internal cylinder wall,
whose intensity increases linearly with depth from the surface (Stevino’s law,
Chap. 9). This pressure will produce a deformation of the cylinder, which defines
the reference configuration Cy. If a piston acting on the surface will produce an
additional small pressure changing in time, then there will be an evolution of the
system satisfying only assumption (2).

By taking advantage of the fact that all the quantities describing the evolution
from the reference configuration C, under the assumptions (1) and (2) are
first-order quantities, the stress constitutive relation can be replaced with its
Taylor expansion, truncated to the first-order terms, whereas the constitutive
equations of the thermodynamic potentials can be approximated with their Taylor
expansions, truncated to the second-order terms.

From (6.14); 5, since in the reference configuration C = I and ® = 0, it follows
that
oy
Ty =2 — ], 6.21
0 P ( 9C ) i ( )
where the notation (A). emphasizes that the quantity A is evaluated for C = I,

0 =6y,and ® =0, i.e., in Cy.
In particular, if the reference configuration is stress free, then

T, = 0. 6.22)

Under the assumption (2), the constitutive equations can be proved to have the
structure
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T =~ Ty + HT, + ToH” — trHT, + CE + A(6 — 6;).
h ~ —Kg, (6.23)

where E is the tensor of infinitesimal strain (see (3.30)), g = V6, and

321ﬁ 821ﬁ
Cijnp = 4pa [ ) Ay =290 (o)
jnp =P (8Ci./‘a(cnp)* s (393@‘_/)*
dh;
Kii = ——"(L6,,0). 24
J 3®j( 90 0) (6 )

Tensors C and K are called the tensor of linear elasticity and the tensor of
thermal conductivity, relative to C.
Owing to (6.24), C and A have the following properties of symmetry:

Cijnp = Cjinp = Cijpn = Copij, Aij = Ajy; (6.25)
furthermore, from (6.19) and (6.23),, it follows that the tensor K is positive definite:
g-Kg> 0. (6.26)

Moreover, since

T, =>~T+ tHT, — ToH”,
h, =~ h, (6.27)

if the reference configuration Cy is stress free, it follows that

T =T, =CE+A(0 — 6),
h =~ h, ~ —Kg, (6.28)

~

so that there is no difference between the Lagrangian and Eulerian descriptions.
Finally, we observe that (6.23); and (6.27) give the following approximate
expression of Ty:

T, = Ty + HTy + CE + A(6 — 6y).

To prove previous formulae, we will made use of lowercase Latin indices for
both the Eulerian and Lagrangian formulations. In addition, since the aim is to find
a set of linearized constitutive equations for the stress, the free energy vy will be
represented by a Taylor expansion truncated to second-order terms:
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wzm+(i)(mww+(w)(awww

a0 8Clm
1 (& 5 Fy
« 5 (). 0~ + (e, ), €~ W€t
1 Oy
N Y m — Ylm np — Ynp)- 2
+ 2 (aClmaCnP)*(Cl 51 )(Cp 8[)) (6 9)

From (6.29) it also follows that

= -6 ar A C, _8}1 , 6.30
ICim (aclm )*+(898Clm * ( 0)+ BC;maCnl, " ( P p) ( )

and since C = F'F = I + 2E + H” H, by neglecting second-order terms we get

oy oy 9y 9y
~ | ——— _— 6 — 6, 2 — E,,. 6.31
aC;, (aclm)* + (aeaclm [O-wr2\Ge e, ) B (63D

In addition, from (5.66), (3.40), and (3.27) it follows that
p=p«(l—trH), F=1+H,
and (6.14); becomes

0
T = 20001 = Hin) Gt + Hi) oo (8 + Hi). (632)
8Clm
By substituting (6.31) into (6.32), neglecting terms of higher order, and taking into
account (6.21) and (6.24); », (6.23); is proved.
In a similar way, first-order terms of the heat flux vector give

oh; oh;
hi ~ —(C,0,000;, ~ ——(1,6,0)0;,
a®j( )9, a®,-( )©;

so that (6.23), and (6.24); are also proved, since @ = F'g = (I + H)g.
Finally, to prove (6.27) we recall (3.40) as well as the Lagrangian definitions

(5.67) and (5.79), which, when expressed as a Taylor series, become

Tywij = (1 + Hpp)Tin (85 — Hjp) = Tij + HunTij — TinH j,,
he = (1 + Hhh)hj(&j — Hij) >~ hj + Hhh]’lj _thij~

The introduction of equations (6.23) into the latter gives (6.27).
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6.4 Exercises

1. Given the constitutive equations of order 3
A =Ac, (v.F,VxF.F,0,G,0,6,d°0/dr*, VxG,VxG.X),

prove that the objectivity principle does not allow any dependence on the velocity
v of X.

Consider the change of reference frame from I to I’, the latter having a
constant velocity u with respect to /. The objectivity principle requires that

Ac.(v+u,§) =Ac,(v.8),

where & is the set of all other variables. The choice u = —v proves the
independence of v.
Using the principle of dissipation, other constraints for the constitutive
quantities are obtained.
2. Let d(X,¢) be a vector field and consider the constitutive equation for the heat
flux vector in the form

h = h(F.d, 6, ®).
Prove that the objectivity principle requires that
h =h(C.d,6,0),
where
d=d-oxd

and e is the angular velocity atx € C.



Chapter 7
Symmetry Groups: Solids and Fluids

Determining the constitutive equations of materials is one of the most important
and difficult problems of continuum mechanics. Since in this theory we renounce
to a microscopic description of matter, we can determine constitutive equations
only by experiments. These experiments can be widely simplified if the form of
constitutive equations is reduced by theoretic considerations. In Chap. 6 we have
shown as the constitutive axioms perform this task. Also the symmetries, considered
in this chapter, have the same aim. A symmetry is an operation carried out on a body
which has no effect on the response of material to external actions. It is proved that
these operations form a group which characterizes the material. In this chapter we
analyze the unimodular symmetries that characterizes the thermoviscoelstic fluids,
the orthogonal group which defines isotropic solids and the symmetry group of the
crystal classes, studying their effects on the form of the constitutive equations of
these materials. After a section of exercises, the last sections describe the program
LinElasticityTensor, written with Mathematica®, which allows to determine the
elasticity tensor of linear elasticity of different materials.

7.1 Symmetry

The experimental determination of the constitutive equation of a material is not an
easy task. It requires special apparatuses that must satisfy very restrictive require-
ments, the most important being the capability of inducing a uniform state of stress
and strain in the material element being tested. In addition, even in the simplest
cases of elastic behavior, the experimental procedure is far from straightforward due
to the number of stress (or strain) states required to determine the material response.
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For these reasons, it is relevant to ask if symmetry properties of materials can to
some extent simplify this task, because of the additional restrictions they introduce
into the constitutive equations.

Within this framework, we will first turn our attention to isotropic solids and to
viscous fluids and then we will highlight the general properties of elastic anisotropic
solids in isothermal conditions.

Before we proceed, let us introduce some intuitive considerations that will help
us to understand a more formal definition of symmetry.

Let C« be a sphere of radius r exhibiting the same elastic properties in all
directions and subjected to a uniform pressure —pN, where N is the unit forward
vector normal to dCs. We can predict, and it is experimentally proved, that C,
deforms into a sphere C of radius r; < r, whose state of stress is given by —pl.
This final configuration is also obtained if Cs is rotated around an axis passing
through its center, before applying the uniform pressure —pN on its boundary.

If the material of C, does not have the same elastic properties in all directions,
then the deformed state of C will be an ellipsoid whose minor axis is in the direction
of lower stiffness.

Suppose now that the sphere C, is first subjected to a rigid rotation Q about
its center, so that its configuration changes from C, to CJ, and it is subsequently
deformed through the application of —pIN. Its final configuration C’ will be an
ellipsoid rotated with respect to C, according to the matrix Q.

More generally, consider an elastic body S in the reference configuration C.
subjected to mass forces pb and surface tractions t, and suppose it reaches the
deformed configuration C, in which the strain and the stress state in a neighborhood
of x are given by the deformation gradient F and the stress tensor T. If the material
exhibits a symmetry expressed by the orthogonal matrix Q,' then we could rotate it
by Q, so that C, rotates into C,, and we could apply a force system, conveniently
modified in such a way that the deformation gradient in QX is still represented by F.
In this case, the stress state will be the same.

In the following discussion the notations Unim and O(3) identify respectively
the group of 3 x 3 matrices whose determinant is £1 and the group of orthogonal
matrices (see Chap. 1):

Unim ={H: E; —> E3, H € Lin(E3;), detH = %1},
03)={Q:E3;— E;, Q'Q=1detQ=%l}. (7.1)

Accordingly, O(3) is a subgroup of Unim.

Any matrix H belonging to one of these groups represents a transformation of the
vector space &3 that leaves unchanged the mass density, as can be proved by noting
that p = px« |det HJ.

!A linear transformation is represented here by a matrix in a given orthonormal basis, as discussed
in Chap. 1.
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If not otherwise stated, H and Q will denote unimodular and orthogonal matrices,
respectively.

Let C. be a reference configuration of a thermoelastic system .S and let X, be an
arbitrary selected point of Cy, and consider the transformation C, —> C|,

X' = L(X) = X, + H(X — X,). H € Unim,

which, due to the properties of H, preserves volume and density and leaves X, a
fixed point.

Now consider an arbitrary deformation Cx —> C, represented by x = f(X), and
a second one C, —> C, —> C, obtained by first applying L(X) and then f'(X'),
so that f = fH. If S is a thermoviscoelastic material and its response is specified
by A(F, F,0, 0) (see (6.4)), then H € Unim represents a symmetry at X, and in the
configuration C, if and only if

Ac, (F.F.0,0) = Ac, (FH,FH.0, OH); (7.2)

i.e., the material response in X is the same whether we consider the deformation
f(X) or f'(L(X)).

Theorem 7.1. Symmetry transformations at the point Xo of C« are a subgroup &,
of Unim.

Proof. To prove that if H;, H, € &, then also H{H; € &, we first observe that,
if F is nonsingular and H; € &,, it follows that FH, is nonsingular. If we replace
F with FH; and ® with @H; in (7.2), then we obtain

Ac,(FH, FH,, OH)) = A¢, (FH,H,, FH,, FH H,, ©H, H,),

where, for the sake of simplicity, the dependence on 6 has been omitted. In addition,
if H; € &, and therefore A¢, (F,F,®) = A, (FH;,-FH;, ©H,), then it holds
that

Ac,(F,F,0) = Ac, (FH H,, FH,, FH, H,, OH, H,), (7.3)

and since H|H, eUnim, we have HH, € &, . Furthermore, if H € &, , then H!
exists and by replacing F with FH™! and ® with @ H™'in (7.2), it is proved that
H ' e B, O

The subgroup &, is called the symmetry group of S at X, and in the
configuration Cy.

It can also be proved that symmetry groups in two configurations Cy and C|,,
and at the point X, where these are related to each other through a unimodular
transformation P, are conjugate; i.e., there exists the relation,

Gc, =P&, P (7.4)
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At this stage, we can give the following definitions:

 the material is homogeneous in the configuration C, if its symmetry group is
independent of Xy € C;

* athermoelastic solid S is called anisotropic in the configuration C, and at X, €
Cy if

Gc, C 0(3), (7.5)

i.e., if its symmetry group at X, is a proper subgroup of all possible rotations
about X;

* a thermoelastic system S represents a thermoelastic isotropic solid at Xy, if
there exists a configuration Cy, called the natural or undistorted configuration,
relative to which the group of isotropy at Xy is the orthogonal group:

Gc, = 0(3). (7.6)
Finally we leave as an exercise to verify the following formulae
F=FH, @ =H'®’, C=H'CH, (7.7)

where quantities without primes refer to the deformation C» — C and those with
primes to C, — C.

7.2 Isotropic Solids

We now proceed to explore the restrictions on the constitutive equations of a
thermoelastic material deriving from the assumption of isotropy. To do this, the
following definitions are necessary.

A scalar function f(B) of the second-order tensor B is defined to be isotropic if

/(B) = /(QBQ") VQe 0(3). (7.8)

Similarly, a vector function f(v, B) and a tensor function T = T(v,B), whose
arguments are the vector v and the tensor B, are defined to be isotropic if

Qf(v,B) = f(Qv,QBQ")  VQe 0(3),
QT(v,B)Q” = T(Qv,QBQ")  V¥Q e 0(3). (7.9)

We refer the reader to [57, 58, 68] for more insight into the structure of isotropic
functions. For the applications we are going to discuss, it is relevant to observe that
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the above theorems for isotropic functions allow us to write (7.8) and (7.9); in the
following form:

SB) = f(p, 11, 111p),
f(v,B) = (KoI + KB + K,B?)v, (7.10)

where Ip, I 1,111y are the principal invariants of the second-order tensor B and
Ko, Ky, K, dependon Ip, 15,1113, gz, g - Bg, andg-B2g.
We can now prove the following fundamental theorem:

Theorem 7.2. A thermoelastic system S with constitutive equations that satisfy
the principle of material frame-indifference and the principle of dissipation is an
isotropic solid if and only if

v =y, 11,111,06),

oy
=——" =y, 11,111,
n 59 n( )
T = f,I+ fiB + f>B%,
h = (KoI + KB + K,B?)g, (7.11)

where I, 11,111 are the principal invariants of B or C and the functions f are
defined as

_ oo (WY v
fo=2pI11 50 f1—2p(—+1—), fr=-2 (7.12)

and the functions K depend on ® andon I, I1, 111, g2 g-Bg, and g - B’g.

Proof. 1f the constitutive equations of S satisfy both the principles of material
frame-indifference and dissipation and S is thermoelastic (i.e., it does not exhibit
frictional dissipation), then (6.14) becomes

v =v(C.0),
oy
n=-5g = n(C,0),
oy
T® = 2pF—F"
PEac

h = Fh(C, 6, ©). (7.13)
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Referring to (7.13);, we find that the isotropy assumption (7.2) applied to the free
energy v,

v(F,0) = ¢v(FQ,0) vQ e 0(3), (7.14)
gives (see (7.7))

¥ (C,0) = v(Q'CQ,9) vQ € 0(3). (7.15)

This relation, despite the immaterial exchange of Q7 with Q, is coincident with
(7.8), so that the function ¥ (C, 0) is isotropic.

From (7.10), (7.11), » follow.

From (6.14),, (3.52), and (3.53) it follows that

o (opal oy oIl oy Il .,
T_ZpF(aI oc T orrac T arir ac ¥
_ Iy Iy Iy 2 T\ gr
— 20F (WI + (=0 + 11T (= 1eC o+ 11en) ) ¥
(7.16)

and since C = F'F, B = FF”, and B2 = FCF’, (7.11); is proved, also taking into
account (7.12).

To prove (7.11)4, we see that the isotropy requirement (7.2) applied to h gives
(7.13)4 the form (see (7.7))

Fh(C.6,©) = FQh(Q” CQ. §,Q" ®),
from which it follows that
Q"h(C,6,0) = h(Q"CQ, 6,Q7 ®).

This expression, despite the exchange of Q7 with Q, is coincident with (7.9);. From
(7.10) we can derive

h = F(hol + 1 C + h,C?)O©,

and by substituting @ = F”'g and B> = FCF”, relations (7.11), are obtained.
Finally, we observe that it is an easy exercise to verify that Eq. (7.11) satisfy the
isotropy requirement (7.2). O

It

¢ the transformation Cx — C is infinitesimal, and

* inthe reference configuration C, the system is elastic, homogeneous at a constant
and uniform temperature, and

o (. is a stress-free state,
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then (7.11); allows us to derive the constitutive equation of a linear isotropic solid.
To do this, we first note that the following relations hold: B = FF' =
I+H)(I+H)" ~1+2E,B2 =1+ 4E.
If, in addition, we assume that fj, fi, f> can be expanded in power series of
principal invariants in the neighborhood of the identity matrix I, then by neglecting
second-order terms of H we get the condition

fi~a; +b;(I —3) ~a; +2b;tuE, (a; + a; + a; = 0), (7.17)
from which it follows that
T = A(tr E)I 4+ 2uE, (7.18)

where the coefficients A and p are called the Lamé coefficients.
We also have

trT = 32 + 2u)trE,

so that, if (34 4+ 2u) # 0, combining with (7.18) leads to the inverse relation

1

E=—T-—
21 2u(3A +2p)

(tr )L (7.19)

To give these coefficients a physical interpretation, we suppose the system .S to be
subjected to a uniform traction of intensity ¢ along the direction parallel to the base
unit vector e, so thatt,, = Te; = re,. By considering the stress tensor components
relative to the basis (ej, e;, e3), we find that the only nonvanishing component is
Ty = t. From (7.19) we derive the deformation components

A
Ell — ih
m(GA+2p) N
Eyn = E; =

_—[’
2u(3A +2p)
Eiy =E;3=Ep=0.

The quantities

t n(3A+20)
Ey=—=—%——,
En A+ p

En _ Ex A

g=-2 o B _ L (7.20)
Eyy Ey 20+ w

are called Young’s modulus and Poisson’s ratio, respectively. Their meaning is as
follows:
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* Young’s modulus indicates the ratio between the traction per unit surface area
and the linear dilation produced in the same direction;

» Poisson’s ratio is the ratio between the contraction, in the direction orthogonal to
t, and the dilation along t.

More generally, when thermal phenomena are also considered, linearization of
(7.11) gives
T = A(60)(r E)I + 2(60)E — (0 — 6p)L,
h = —K(6)g. (7.21)

where the function K(6)), due to (6.19), is positive:

K(6p) > 0. (7.22)

7.3 Perfect and Viscous Fluids

A thermoviscoelastic system S whose constitutive equation is given by
A(F,F, 0, ©) is a thermoviscous fluid if

&c, = Unim  YCy. (7.23)

We note that (7.23) indicates that local changes of shape do not modify the
response of the system, according to experimental evidence. Moreover, since the
reference configuration is arbitrary, fluids do not lose their symmetry properties
during deformation.

Theorem 7.3. A thermoelastic system S with constitutive equations that satisfy the
principles of dissipation and material frame-indifference represents a thermovis-
cous fluid if and only if

v =v(p.0),
Iy
n=—5g =n.0).
T®© — _pza_wl
oo
T = f(p.D, 6. 2).
h = (KoI + K\D + K,D?)g, (7.24)

where p is the density, f is a tensor function of D and g, and functions K depend on
0.0, and on invariants g%, g - Dg, and g - D*g.
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Proof. Symmetry properties allow us to write
Vv (FH, 0) = ¢ (F,0) VH € Unim,

and this equality, taking into account (6.14); and (7.7)3, can also be written in the
form

v (H'CH, ) = (C,0) VH € Unim. (7.25)
Since detH = 1, we can put H = JF1 5o that

¥(J.0) =y(C.0).

By reminding ourselves of the Lagrangian mass conservation, i.e., pJ = px, as well
as of the independence of constitutive equations of the reference configuration, we
obtain

V(J.0) =¥ (p+/p.0) = ¥ (p.0),

so that (7.24), is proved.
Moreover, if we putZ = J 2 then from (6.14); it follows that

Fa_wdﬁFT B ﬁFa_wdﬁFT

T® — 2 =
PEST a7 T o7 dJ

This condition, by recalling (3.53), can be written as

Iy IV dp Iy
TO = pJ 1= pJ —-"1=—p> 1
PIgr =P Gy art= P 5,0

and (7.24);3 is also proved. By using similar arguments (7.24), follows.

To verify (7.24)4, we first need to observe that the Eulerian rate of deformation
tensor D is invariant with respect to a symmetry transformation. Then, by consider-
ing (6.14)4, the symmetry property of a fluid

T (FH,FH, §,H' ©) = T (F,F, 6, ©)
can be put in the form
T@MH"CH, H'F'DFH, 6, H" ©) = T (C,F'DF, 0, ©).
IfH = JF, it follows that

TD(J,J?D, 0, Jg) = T(C,F'DF, 6, ©)



188 7 Symmetry Groups: Solids and Fluids

and
T (C,F'DF,0,0) = T (p,D, 6, g).
Finally, from the expression of material frame-indifference

QT (p,D,6,2)Q" = T (p,QDQ’, 4, Qg), (7.26)

and T?) is proved to be an isotropic function. Finally, by considering the represen-
tation formula (7.10),, the relation (7.24), is derived. In a similar way, (7.24)5 can
be verified.

The sufficient condition is rather obvious, since in (7.24) the constitutive
variables are defined in the Eulerian representation so that they are invariant with
respect to any unimodular transformation that preserves the mass of the reference
configuration. O

In the absence of thermal phenomena, the constitutive equation of T(/) assumes
the form

T (p,D) = —pI + kyD + k,D?, (7.27)

where p, ki, k, are scalar functions of p and of the principal invariants Ip, I1p,
II11p of D.

If dissipation effects are also absent, then in (7.27) k| = k; = 0; the fluid is
called perfect and the stress tensor has the form

d
T = —pza—fl = —po(p)L (7.28)

In particular, if the components of D are first-order quantities and p, ki, k, are
analytical functions of Ip, I Ip, I11p, it follows that

P(p) = po(p) + A(p)Ip,
ky >~ 2p(p) +b(p)Ip,
ky >~ 2(p) + c(p)Ip.

By substituting into (7.27) and neglecting higher order terms, we obtain the Navier—
Stokes behavior

T = —(po(p) + A(p)Ip)I + 211 (p)D. (7.29)

In this case, during the motion the fluid is subjected to shear stresses and to
a pressure represented by a static component py(p) and a dynamic component
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A(p)Ip. If furthermore the fluid is incompressible, then V - v = Ip = 0 and (7.29)
becomes

T(p, D) ~ —pI + 2uD. (7.30)

Due to the incompressibility constraint, the pressure p in (7.30) no longer depends
OII,O,]D,]I]_).IIID.
By assuming that Q = —I in (7.26) and in the isotropy condition of h, we find
that
T(p.D.0.g) = T)(p.D.0. —g).

h(p.D.6.g) = ~h(p.D. 6. —g),

and in particular
h(p,D,6,0) = 0. (7.31)

The relation (7.31) shows that the heat flux vanishes with temperature gradient,
forany p,D, and 6.

We note that this result, derived from symmetry properties of the fluid, is a more
severe restriction than the one expressed by (6.20).

Finally, it can be proved [5] that the linearization in the neighborhood of an
equilibrium state at constant temperature gives

TW = —A(p, 6)IpI + 2uD,

h=—K(p.0)g. (7.32)

provided that terms of the order of

VIp+ g2

are neglected.

7.4 Anisotropic Solids

Materials such as natural crystals, porous media, fiberglass-reinforced plastics, and
so on are not isotropic. In general, they are said to be anisotropic because they
possess some symmetry but the symmetry group does not contain the complete
orthogonal group. Among anisotropic materials, crystals deserve special attention.
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Let S be a hyperelastic solid and let &, be its symmetry group, which is a
proper subgroup of O(3) in an undistorted reference configuration Cy. It can be
proved,” starting from (7.15), that if v is an analytic function of the components of

C, then it can be expressed as a polynomial in the invariants /1, ..., [, of C
v=v,..., I,). (7.33)
In the case of an isotropic material (as already seen in the previous section), the
invariants 1y, ..., I, coincide with Ig, IIg,I11p.
From the definition (6.14) of an elastic material, it follows that
oy dly _r oy
T =20F——F =2p—Kk, 7.34
PEar, ac Par, (7.34)

where the function k is independent of the form of the elastic energy but is
determined by the material symmetries and the coordinates used to describe these
symmetries.

Consequently, the constitutive equations of different elastic materials, exhibiting
the same symmetry, differ only for the functions dyr/d1,.

In the following discussion, the symbolic notation RY is used to indicate a
counterclockwise rotation of magnitude ¢ about the unit vector n.

It can be shown that there are 12 groups of symmetries and 11 of them include
32 crystalline classes. The last group describes the so-called transverse isotropy (see
Exercise 3), ®¢, being given by the identity and rotations R}, 0 < ¢ < 27 about a
convenient unit vector n.

In any crystalline class, in its undistorted state there are three preferred directions
defined by unit vectors w; (i = 1,2,3). A system of rectilinear coordinates X
can be associated with these directions. The material symmetry is described by the
orthogonal subgroup &, which transforms these coordinates into new ones X', the
energy form being preserved in the transformation.

To define the symmetry group &, of a solid it is sufficient to single out a set of
elements of &, , called the generators of B¢, , such that by composing and inverting
all of them, the whole group &, is obtained.

It can be proved that the following linear transformations are present in all the
generator systems of crystalline classes:

LRI, RY/? RI? R/,

Table 7.1 lists the generators of symmetry groups of different crystalline classes.
The last column in this table gives the total number of transformations contained in
the group.

>The interested reader should refer to [10,67].
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Table 7.1 Crystallographic classes
Crystal Class Generators of ¢, | Order of &,

Triclinic system

(all classes) I 2
Monoclinic system

(all classes) R{, 4
Rhombic system

(all classes) Ry .RY 8
Tetragonal system

(3 classes) Rﬁx/ : 8
(4 classes) Rﬁ! ’ Ry, 16
Cubic system

(2 classes) Ry R, RlzrﬂB 24
(3 classes) Rﬁl/z, Rﬁz/27 Rﬁz/ ’ 48

Hexagonal system

(2 classes) Rf,”/ 3 6
(3 classes) Ry, Rlzlf/ 3 12
(3 classes) R 12
(4 classes) RI Ry 24
The complete set of polynomial bases [, .. ., I, for the crystalline bases is given

in [63] and [10]. In the following we consider only the first three systems.>
In Table 7.1, p = (u; + uy + u3)/+/3.

1. Triclinic system: the polynomial basis is given by all components of C;
2. Monoclinic system: the polynomial basis is given by the following 7 components:

Cll ’ C227 C337 C]227 C]237 C237 C13C12'
3. Rhombic system: the polynomial basis is given by the following 7 components:
Cii, Cpn, Cu, Ck, Chl, Ch, CipCyulhs.

In closing this section, we note the following: given a material of a crystal class
with a deformation process that starts from an undistorted configuration, its free

3Here we use Voigt’s notations, according to which the indices of the components of the elasticity
tensor are fixed as follows,

11—1,22—2,33—>3,23>4,13>5,12—6,

so that, for instance, Cj323 = Csq4.
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energy can be expressed as a polynomial of a convenient degree in the variables
forming the polynomial basis. Finally, the stress—strain relationship can be deduced
from (7.34).

7.5 Exercises

1. By using the symmetry properties, show that the strain energy function of an
isotropic solid is characterized by only two independent constants.
Hint: If the solid is isotropic, then any plane is a symmetry plane as well as
any axis is a symmetry axis under any rotation, so that the following relations
must hold for the nonvanishing coefficients:

Cii =Cyn =Cs3
Ciy = Cy3 = Cy

1
Ciq = Cs5 = Ce6 = 3 (Cni—Cn),
and the strain energy function assumes the form

1
V= ECII (E} + E5, + E3)
+ Co(EnEyn + EnEss + ExnkEss)

1
+ 1 (Cii — Cn) (EL, + Efy + E3) .

2. Using the properties of isotropic tensors, prove that only two constants are
required to characterize the material response of an isotropic solid.

Isotropic tensors are such that their rectangular components are independent
of any orthogonal transformation of coordinate axes.

According to this definition, all scalars (i.e., tensors of order zero) are
isotropic, whereas vectors (first-order tensors) are not isotropic. The unit tensor,
whose components are represented in rectangular coordinates by the Kronecker
delta §;;, is isotropic. It is obvious that any scalar multiple of the unit tensor has
the same property. These particular tensors exhaust the class of isotropic second-
order tensors.

The most general fourth-order isotropic tensor is represented in the form

Cijnke = A8ij8ni + 1 (8in8 ik + 8ik8jn) + & (8in8jx — Sik ;) -
Suppose that C;; are the coefficients of the linear material response

T;j = Cijni Enk,
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where one or both the tensors 7;; and Ej is symmetric. In either case, the
requirement for Cjjx to be symmetric with respect to ij or ik implies that
k = 0. It follows that

Cijnke = A8ij8nk + 11 (8in8x + 8ixS;n)

is the most general expression of the coefficients of a linearized elastic isotropic
solid and only two constants are needed to characterize the material properties
(as found in Exercise 1).

3. Prove that the material response of a transversely isotropic solid is characterized
by 5 independent constants.

Hint: A transversely isotropic solid is symmetric with respect to some axis.

If Ox; denotes this axis, then the rotation through a small angle o about O x3 is
written as

X! = Xicosa + Xpsina >~ X| + Xoo,
X} = Xocosa — Xy sine >~ X, — Xjo,
X! = X,.

The strain energy ¥ must be invariant with respect to this transformation, so
that if W is expressed in terms of the strain components in the new coordinates,
then all the coefficients of & must vanish.

The result is that the number of elastic constants reduces to 5.

4. By substituting the first equality (3.53) into (7.11), prove that

T= fol+ fiB+ f.B7!,
h = (K()I + K_1B + K_zB_l)g,

and find formulae corresponding to (7.12).

7.6 The Program LinElasticityTensor

Aim of the Program

The program LinElasticityTensor applies to isotropic linear materials or to
anisotropic ones belonging to the triclinic, monoclinic, and rombic crystal classes. It
determines the components of the elasticity tensor and the components of the linear
deformation tensor E. Moreover, all these expressions are given following Voigt’s
notation.
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Description of the Problem and Relative Algorithm

The program distinguishes between isotropic solids, for which ¥ = ¥ (I¢, I1¢),
and anisotropic solids, for which ¥ = v ([y,---,1I,), where I;,---, I, are the
invariants of the crystal class under consideration. If the reference configuration Ci
is unstressed and the state of the solid is isothermic, then the constitutive equations
have the following structure:

T = CE,

where E is the tensor of infinitesimal strain and C is the tensor of linear elasticity.

Moreover, we know that
2y
Cine = 4pa (22— .
ihk p*(ac,;,-achk)

Cijre = Cjink = Cyjrn,

Cijre = Chiij -

On the other hand, it is possible to reduce the 81 components of C to 21 independent
components.* If we adopt Voigt’s notation, which uses the index transformation

ii—i,i=1,2,3
12 — 6,
13 — 5,
23 — 4,

then the elasticity tensor can be reduced to the form C = ((Caﬁ), where o, B =
1,---, 6. If the same notation is used for E, then the elastic potential and the stress
tensor can be written as

= CusEyEs,
W zp*aﬂaﬂ

T=C-E.

Command Line of the Program LinElasticityTensor

LinElasticityTensor [class]

“More precisely, the first group of the above relations allows us to reduce 81 components of C to
36 independent components, and the second group reduces these to 21.
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Parameter List

Input Data

class characterizes the solid and can assume the values isotropic,
triclinic, monoclinic, or rombic.

Output Data

Elastic potential ¥ as a function of the principal invariants of E or of the
invariants of the crystal class to which the solid belongs;

the components of C in Voigt’s notation;

the expression of ¥ in Voigt’s notation;

the stress tensor T in Voigt’s notation.

Worked Examples

1. Isotropic Solid. To apply the program LinElasticityTensor to the class
of linear and isotropic materials, we have to input the following data:
class = isotropic;
LinElasticityTensor [class]
The corresponding output is
Principal invariants in linear elasticity
B = {Ig, IIg}
Elastic potential as a function of the principal
invariants
o =2a10(B11 +Ez2 +E33) +az0(Br1 + B2z + E33)°
+a01(—Ef, —EI; + E11Epo —E 5 + E11Es3 + Ez5Es3)
Independent components of linear elasticity tensor
C = (Cijnk) in Voigt’s notation
Ci1 = 8psazp
Ci2 =4p«(ao1 + 2az2,0)
Cis =4p«(ao1 +2a2,0)
Co2 = 8psazy
Cas = 4px(aos +2az20)
Cs3 = 8pxazpo
Css = —8psags
Css = —8psap
Ces = —8pxaoa
Elastic potential E; in Voigt’s notation
V¥ = —4EZag; —4EZaoy — 4EZao: + 4E%a, 0 + 4EZas 0 + 4E2as,
+4E1Ez(a0,1+2a2,0)+4E1E3(a0,1+2a2,0) +4E3E3 (20,1 +2a3,0)
Stress tensor components
T = 8p,E1320 + 4p,Ezx(a01 + 2a2,0) + 40,E3(a0,1 + 2a2,0)
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T1
T1
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= 8p,Ezaz0 + 40,E1(a0,1 + 2a2,0) + 4p4E3(a0,1 + 2a2,0)

8p4E3az,0 + 4p,E1(a0,1 + 2a2,0) + 4p,E2(a0,1 + 2a2,0)

T1 = —8pyEsa01

T, = —8pEsaz

T1 = 8p.Esazo
Exercises

Apply the program LinElasticityTensor to anisotropic linear elastic materi-
als belonging to the following crystal classes:

1. monoclinic;
2. triclinic;
3. rombic.



Chapter 8
Wave Propagation

In this chapter, we start from the Cauchy problems for second-order partial differ-
ential equations and first-order systems of partial differential equations, classifying
them in elliptic, parabolic, and hyperbolic. Then, we identify the characteristic
surfaces of Cauchy’s problem with the singular surfaces of ordinary waves of
Hadamard. The acoustic tensor is defined and it is proved that the normal speeds
of ordinary waves are equal to the square of the eigenvalues of the acoustic tensor.
Further, it is proved that the evolution of the singular surfaces is given by the eikonal
equation. Finally, after defining shock waves, we determine the Rankine—Hugoniot
conditions. After a section of exercises, the programs PdeEqClass, PdeSysClass,
Wavesl, and Wavesll, written with Mathematica®, are described. These programs
allow to classify equations and systems and determine the normal speeds of ordinary
waves.

8.1 Introduction

The evolution of a physical system is said to have wave behavior if a character of
propagation or oscillation or both can be attributed to it. As an example, points of a
string with fixed boundary ends, oscillating in a stationary way, have an oscillatory
character without propagation (see Exercise 1). On the other hand, if we consider
an infinite string with a single fixed end that is subjected to an initial perturbation,
then its motion has only the character of propagation (see Exercise 2), which is
eventually damped if dissipation effects are present (see Exercise 3). Furthermore,
when considering waves produced by a falling stone in a lake, we can distinguish
the damped oscillations of material points of the surface from the propagation of the
surface separating the disturbed region from the undisturbed region.
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With such a premise in mind, we consider a physical phenomenon described
by fields depending on position x and time #. Moreover, we suppose it to satisfy a
system of partial differential equations. It is of interest to investigate if this system
can predict the evolution of wave-type phenomena. Apparently, the answer would
require that we know the solutions of the system, because their properties could
allow us to identify the presence of propagation or oscillation effects. However, this
approach cannot usually be pursued, owing to the complexity of the equations of
mathematical physics.

If the system is linear and dissipation effects are absent, we can look for
sinusoidal solutions. In fact, because of the linearity, any superposition of such
solutions is still a solution of the system so that, taking advantage of the Fourier
method, the most general solution can be determined. Such a procedure can no
longer be applied if the system is nonlinear, so that we need to introduce a
more general approach, due to Hadamard, which considers wavefronts as singular
surfaces of Cauchy’s problem. Such an approach can be applied to any system, and,
for linear systems, it gives the same results as the Fourier method.

In the present chapter we first turn our attention to quasi-linear equations and
then to quasi-linear systems of partial differential equations (PDEs) in order to show
under which circumstances there are characteristic surfaces for which Cauchy’s
problem is ill posed. A classification of the equations and systems is given, based
on the existence and the number of these surfaces. Then it is proved that such
characteristic surfaces are singular surfaces for the solutions of the system. In
particular, when the independent variables reduce to the usual ones, i.e., spatial and
time variables, we prove the existence of a moving surface which has a speed of
propagation that can be computed together with its evolution. This surface will be
interpreted as a wavefront.

Finally, the last section of this chapter deals with shock waves and highlights the
role of the second law of thermodynamics in the description of the phenomenon.

8.2 Cauchy’s Problem for Second-Order PDEs

In a domain 2 € R", the second-order quasi-linear partial differential equation

2

aij(x,u,Vu)ax‘al; = h(x,u, Vu), i,j=1,....n, xeQ, (8.1)
i0X;

is given. In particular, if the coefficients a;; are independent of u and of Vu, then
the equation is called semilinear; when, in addition to this condition, the function &
depends linearly on u and Vu, the equation is called linear.

Then, with reference to Eq. (8.1), the following Cauchy’s problem is stated: If
¥, is a regular and orientable (n — 1)-dimensional hypersurface contained in Q2
and N denotes the unit vector field normal to X,_1, find a solution u(x) of (8.1) in
Q which satisfies on X,_ the following Cauchy’s data:
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v -curves

V,,_1-curves

Fig. 8.1 Cauchy surface

u(x) = up(x), % =Vu-N=dy(x), x€ X, (8.2)

where uy(x) and dy(X) are assigned functions on X, corresponding to the values
of u(x) and its normal derivative on this hypersurface.

A first step in discussing such a problem consists of introducing a convenient
coordinate system (vi,...,V,), the Gauss coordinates, in the neighborhood of
3,—1, in order to simplify its formulation.

Given a Cartesian coordinate system (O, u;) in R”, let

X :r[(v],...,vn_l), i = 1,...,71,

be the parametric equations of the surface ¥,_;. In a neighborhood of X,_; in )",
the system of functions

Xi =ri(Vi,...,0—1) + 0 N; (8.3)

is considered, where v,, is the distance of an arbitrary point of the normal from %, _;
(see Fig. 8.1). Accordingly, the condition v, = 0 again gives the equation of X,_;.

The system (8.3) defines a coordinate transformation (vi,...,v,) <—
(x1,...,x,) in a neighborhood of X,_;, and the Jacobian of (8.3), evaluated
forv, =0, is

dx1 dx; N
W vy
J=1 ... .
dax, X,
N,
8Vl aVn—l "

We also remark that the first # — 1 column vectors of J,

are tangent to the n—1 coordinate curves on 3,_; and independent, since the surface
is regular.
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By noting that N is normal to X,_;, so that it is independent of the vectors
(e;), we see that the determinant of J is different from zero, so that the inverse
transformation

vi = vi(xy,...,X,) (8.4)

can be obtained from (8.3). Relative to the coordinates v;, the equation of the
hypersurface X, _; becomes

(X1, .. x) = f(xq,...x,) =0, (8.5)

and Cauchy’s data (8.2) assume the simplified form

du
v,

U(Vl,...,\)n—l) =M0(U1,...,I)n_1), = dO(Vl,---,Vn—l)- (86)

Remark 8.1. Tt is worth noting that the knowledge of the directional derivative of
the function u(x) along the normal to X,_; gives the gradient of u(x) in any point
of 3,_;. In fact, on X, it holds that

n—1

Vi = Z 81}, an

i=l1

where (e') are the vectors reciprocal to the (n — 1) tangent vectors to X,,_;.

The Cauchy-Kovalevskaya theorem introduced below is of basic relevance, since
it asserts the local existence of solutions of a system of PDEs, with initial conditions
on a noncharacteristic surface. Its proof is not straightforward and, for this reason,
only particular aspects related to the wave propagation will be addressed.

Theorem 8.1 (Cauchy—Kovalevskaya Theorem). If the coefficients a;j, the func-
tion u, the Cauchy data (8.2) and the implicit representation (8.5) of ¥X,—1 are
analytic functions of their arguments and, in addition, ¥,_ satisfies the condition

f af
dx; 0x;

a;;j (X, u, Vu) — 760 X€E X,_1, (8.7)

then there exists a unique analytic solution of the Cauchy problem (8.1)—(8.2) in a
neighborhood of %, ;.

Proof. Let us assume the coordinates (v, ..., v,) in R". The following expansion
of u in a neighborhood of X, _; can be written:
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1 (8214) 2
+ - (= V2 (8.8)
2 81}}12 v =0

To prove the theorem, we need to show that

1. all the derivatives of u appearing in the above expansion can be determined by
using (8.1) and Cauchy’s data (8.2);

2. the series (8.8) converges uniformly toward a solution of the Cauchy prob-
lem (8.1), (8.2);

Below we only prove that, under the assumption (8.7), all the derivatives of the
expansion (8.8) can be computed.

Let & and k be indices in the range 1, ..., n; then
du _ du vy 89)
ax; Oy, Ox; ’
9%u 0 [ du dyy,
0x;0x; T x| vy 0x;
_ 0 ou 8Uh ou 82vh
T Ax; | Ovy Ox; dvy, 0x;0x;
Pu dv, 9 du  0?
_ o4 OVhOV , Ou Oy (8.10)
v vy 0x; 0x; dvy, 0x;0x;
By using the above expressions, we see that (8.1) becomes
! v, v\ 0%u u
— % = Ju,— |, 8.11
Z (a/ 0x; 3x,~) vy, 0V g{nu av) ( )

hk=1

where on the left-hand side we have collected the second derivatives of u with

respect to v, and the first derivatives of v, with respect to x;. We note that the

latter are obtained by differentiating the known inverse transformation (8.4).
When the Cauchy data on X,

du
v,

u(i, ..., vy—1) = up(vi, ..., vu—1), =do(vi,..., V1), (8.12)

are taken into account, we see that all the first derivatives of u at x, € X,_; are
obtained by differentiating (8.12); or from (8.12),. The second derivatives

0%u 0%u _ d ou
vy vy v,,=0’ vy v, u,,=0_ v, \ v, v,,=0’
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where at least one of the indices / and k changes from 1 to n — 1, are evaluated from
Cauchy’s data (8.12).
Finally, about the second derivative

9%u
av}% v, =0 ’

we observe that the system (8.11), written at Xo € 3,—_;, when (8.5) is taken into
account, allows us to obtain

of of \ u]
(s 30, ) 3, .= o

where F is a quantity which can be derived from Cauchy’s data.
The relation (8.13) allows us to compute the desired derivative if

af of
(a,] a_xigj)v":o ?é 0.

In addition, this condition allows us to compute the derivatives of higher order in
Xo € X, and to prove the remaining point (2). O

8.3 Characteristics and Classification of PDEs

An (n — 1)-dimensional hypersurface ¥, _;

flx1,...,x,) =0
is said to be a characteristic surface with respect to the Eq. (8.1) and Cauchy’s
data (8.2) if z = f(xy,...,Xx;,) is a solution of the equation
af of
aij(x,u,Vu EE =0. (814)

In such a case, the Cauchy problem is ill posed, in the sense that there is no
uniqueness since there are several possibilities for computing the partial derivatives

"r>2

n’

I /v

starting from the same Cauchy’s data.
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It is relevant to observe that, if the coefficients a;; of (8.1) depend only on
the coordinates x;, Eq. (8.1) is linear or semilinear and the characteristic surfaces
depend on the equation but not on Cauchy’s data.

On the other hand, in the quasi-linear case (8.14) allows us to define the function
f(x) provided that the values of u and Vu are known at any point. Since these
quantities are uniquely defined from the equation and Cauchy’s data, and are
therefore continuous across the characteristic surface X,_;, (8.14) can be regarded
as an equation in the unknown f(X) if the solution of (8.1) is known on at least
one side of ¥,_;. This is not a severe requirement, since a solution of (8.1) is often
known in the form 1y, = const.

Accordingly, when dealing with a quasi-linear equation, a solution ug from which
we can compute the coefficients a;; at any point X is supposed to be known.

However, Eq. (8.14) is a first-order nonlinear partial differential equation in
the unknown function f(xi,...,x,), so that its solution is not easy to find. As a
consequence, it is not easy to determine the characteristic surfaces of (8.1).

Suppose that, for a fixed point x € €2, there are characteristic surfaces ¥,_;
containing X. Since the components of the unit vector N, normal to a solution %, _;
of (8.14), are N; = (df/0dx;)/ |V f |, Eq. (8.14) can be written as

aij (x,uo, Vuo)Ni Nj = aj; () N;N; = 0, (8.15)

where the vectors N are normal to the characteristic surfaces through the point x.
The collection of the vectors verifying (8.15) give rise to a cone Ax. In fact, N = 0
is a solution of (8.15). In addition, if N is a solution, then so is uN provided that u
is real.

These arguments allow us to classify equations (8.1) at any x € R" by
considering the eigenvalues of the symmetric matrix a?j x).

1. The differential equation (8.1) is called elliptic at x (or with respect to a solution
up if it is quasi-linear) if all the eigenvalues Ay, ..., A, of a?j (x) are positive or,
equivalently, if the quadratic form

Cll(-)j (X)NiNj

is positive definite.

In this case, there exists a transformation (x;) —> (X;), dependent on X,
which allows us to write at the point x the quadratic form a?j (X)N;N; in the
canonical form

/\1N12+"'+/\nNn2, Asoos Ay > 0.

We can also say that (8.1) is elliptic at x if there are no real vectors normal
to the characteristic surfaces passing through x; i.e., the cone Ay (8.15) at x
is imaginary. So if all the eigenvalues of a;; are positive, then there is no real
solution of (8.14).
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2. The differential equation (8.1) is called parabolic at x (or with respect to a
solution uy if it is quasi-linear) if the matrix a?j (x) has at least one eigenvalue
equal to zero. In this case there is a transformation (x;) — (X;), dependent on
x, which allows us to transform a?j (x)N; N; into the canonical form

MNE+ -+ A,N2

m’

Mver A 20, Apyr == Ay = 0.

In this case the hyperplane Ny = --- = N,, = 0 is contained in the cone Ay.

3. The differential equation (8.1) is called hyperbolic in x (or with respect to a
solution ug if it is quasi-linear) if all but one of the eigenvalues of the matrix
a?j (x) have the same sign and the remaining one has the opposite sign. In this
case there is a transformation (x;) —> (X;), dependent on x, which allows us to
transform the quadratic form a?j (x)N; N; into the canonical form

MNZ 4ot A N2 — A2,

where the eigenvalues A1, ..., A,— have the same sign and A, takes the opposite
sign. In this case Ay is a real cone.

8.4 Examples

1. Consider Laplace’s equation

%u %u

Au= — + —
. axf axg

=0

in the unknown function u(x1, x,). The matrix a;; is given by

10
“w=\o1

with two coincident eigenvalues, equal to A = 1. The equation is elliptic and the
cone Ay is imaginary, since it is represented by the equation

N+ N =0.

The characteristic curves are given by

af \? AN
(%) +(a—) =0
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and this equation does not have real f(xi, x) solutions. Since Laplace’s equation
does not admit characteristic curves, the Cauchy problem is well posed for any
curve of the x;, x,-plane.

2. As a second example, consider D’Alembert’s equation (also called the wave
equation)

?u  u _0

ax?  0x3 7
The matrix a;; is

10

aj = 0—1)"
its eigenvalues are Ay = 1 and A, = —1, and the equation is hyperbolic. The
cone Ay is written as

NP —N;j=0

and is formed by the two straight lines Ny — N, = 0 and N; + N, = 0. The
characteristic curves are the solutions of the equation

() - () -

which is equivalent to the following system:

ad 0 0 a

_f — _f =0, _f + _f =0

dx;  0xy ox;  0x
With the introduction of the vector fields u; = (1,—1) and uw, = (1, 1), the
previous system can be written as

Vf-ul ZO, Vf-u2=0.
The above equations show that their solutions f(x;,x;) are constant along
straight lines parallel to the vectors u; and u,, and, since this corresponds to

the definition of characteristic curves, we conclude that the characteristic curves
are represented in the plane Oxx; by families of straight lines

X1 — Xp = const, X; + xp = const.

In this case Cauchy problem is ill posed if Cauchy’s data are assigned on these
lines.
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3. The heat equation

%u du

ax? ox;

is an example of a parabolic equation, since the matrix

10
“w=\oo

has eigenvalues A; = 1 and A, = 0. The cone Ay is defined at any point by
N2=0

and coincides with a line parallel to the x; axis. The equation of the characteristic
curves reduces to

7 o

8x1

with solutions

f = g(x;) = const,

where g is an arbitrary function. It follows that the characteristic curves are
represented by the lines

X, = const.

4. Finally we consider Tricomi’s equation

82u+ %u _0
ox? | lox2

Since the matrix

(10
v OX1

has eigenvalues A; = 1 and A, = xi, this equation is hyperbolic in those points
of the plane Ox;x, where x; < 0, parabolic if x; = 0, and elliptic if x; > 0.
The equation of the cone Ay is given by

N+ x;Nj =0,
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and the characteristic equation

() == (55) =0

does not admit real solutions if x; > 0, whereas if x; < 0 it assumes the form

(5 VP15 (3 + V) =

This equation is equivalent to the following two conditions:
Vf'Vl =O, Vf-VzIO,

where vi = (1,—4/|x1]) and v, = (1, y/|x1]), and the characteristic curves are

the integrals of these fields, e.g., x, = j:% VX1 |3 + ¢, where ¢ is an arbitrary
constant.

8.5 Cauchy’s Problem for a Quasi-Linear First-Order
System

In the previous section we introduced the concept of the characteristic surface
related to a second-order PDE. Here we consider the more general case of a first-
order guasi-linear system of PDEs. It is clear that this case includes the previous
one, since a second-order PDE can be reduced to a system of two first-order PDEs.

Let x = (x1,...x,) be a point of a domain  C NR", and let u =
(u1(x), ..., uy(x)) be a vector function of m components, each depending on n
variables (xy,...,X,). Assume that the vector function satisfies the m differential
equations

Ju Ay, Ju m \ _ .
(Al 3 4o A, 2 ) 4 +(A'ha;+ A, ) =,

(Ao ) o (A 22 e, ) =
(8.16)
where

;h = A;h(x» ll), Ci =¢C (Xa ll) (817)

are continuous functions of their arguments.
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It is necessary to clearly specify the meaning of indices in Ai. »(x,u):

i = 1,...,n refers to the independent variable x;;
= 1,...,m refers to the equation;
h =1,...,m refers to the function uy.
If the matrices
‘ Ay e AY, cl
Al =] s e cee B CcC = “ee s
A:nl o Ainm Cm

are introduced, system (8.16) can be written in the following concise way:

d a
Al_u_|_...+A"_u =,
0x1 0x,

or in the still more compact form

. du
Al— =c.
8x,~ ¢

(8.18)

(8.19)

The Cauchy problem for the system (8.19) consists of finding a solution of (8.19)

which satisfies Cauchy’s data
u(x) =u(x)  Vxe X,

where 3,_; is a regular surface of N".

(8.20)

By proceeding as in the previous section, we introduce the coordinates

(v1,..., ), so that X, is represented by the equation v, = f(x) = 0. When
expressed in these coordinates, system (8.19) becomes
; ou ; o dvy,
—_ = — =
ox; vy, 0X;

or

2dv,\ Ju
AT —c
( 3xi)3vh ¢

whereas Cauchy’s data assume the form

u(vy,...,v—1,0) = ag(vy, ..., vu—1).

8.21)

(8.22)
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According to the assumption that A; »(X, 1) and ¢; (x, u) are analytic functions of
their arguments, the solution can be expanded in a power series of v,; i.e.,

du 1 (0%u )
ux) =uwo(vi,....v-)+|=— ) wmt+=|—]) vi+--, (8.23)
av” X0 2 av’% X0

where Xy € X,_i. The system (8.21) can be written in the form

A\ ou
AT L =F
( 8xl~ )Xo avn ’

where F is expressed from Cauchy’s data. This form highlights the fact that
(0u/dvy,)y, is determined if and only if

i)
det (A’ —f) #0. (8.24)
E)xi X0
It is easy to verify that this condition allows us to determine all the derivatives
d"u/0v] at any xo € X,_;. Moreover, it can be proved that the series (8.23) is
uniformly convergent toward a solution of the Cauchy problem (8.21), (8.22).

8.6 Classification of First-Order Systems

An (n — 1)-dimensional hypersurface X,_; of equation f(x) = 0 is called a
characteristic surface for Cauchy’s problem (8.21), (8.22), if it is a solution of the
equation

det (A" %) =0. (8.25)
8)6,‘

As we saw for a second-order PDE, if the system (8.19) is quasi-linear, then the
matrices A’ depend on the solution u of the system as well as on the point X.
Therefore (8.25) allows us, at least in principle, to find the function f(x) if a solution
uy is assigned. As a consequence, the classification of a quasi-linear system depends
on the solution uy, i.e., on Cauchy’s data.

Once again, the determination of characteristic surfaces requires that we solve
a nonlinear first-order PDE. We remark that if a solution f of (8.25) exists, then
the vector N normal to the characteristic surface f = const, has components N;
proportional to df/dx;, and the following condition holds:

det(A'N;) = 0. (8.26)
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In addition, the vectors N lean against a cone, since if N satisfies (8.26), then so
does uN for any real u.
If

detA! # 0; (8.27)
then from (8.26) it follows that
det(A) "' det(A' N;) = det((A")!A'N;) =0

ie.,

det (IN1 + ZB"NW) =0, B* = (A) 'A% (8.28)

a=2

Given an arbitrary vector (N,) of %", vectors normal to a characteristic surface
in x exist if the algebraic equation of order m (8.28) admits a real solution Nj.
Moreover, (8.28) represents the characteristic equation of the following eigenvalue
problem:

(Z B“Na) v=—Nv, (8.29)

a=2

so that the roots of (8.28) are the opposite eigenvalues of the matrix
n
C=)> BN, (8.30)
a=2

which, in general, is not symmetric. According to all the previous considerations,
system (8.19) can be classified as follows:

1. The system (8.19) is called elliptic at x (or for the solution uy, when it is quasi-
linear), if, for any N, (8.28) does not admit any real solution Ny, i.e., there are no
vectors normal to characteristic surfaces passing through an arbitrary point x €
2. As a consequence, elliptic systems do not have real characteristic surfaces.

2. The system (8.19) is hyperbolic at x (or for the solution uy when it is quasi-
linear), if, for any N, (8.28) has only real roots, some of them eventually
coincident, and the eigenvectors span R [23, p. 46].

3. The system (8.19) is totally hyperbolic at x if, for any N, all m roots of (8.28) are
real, distinct, and the corresponding eigenvectors form a basis of R [23, p. 45].

4. The system (8.19) is parabolic at x if, for at least one root of (8.28), the
dimension of the corresponding subset of eigenvectors is less than the algebraic
multiplicity of the root itself.
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Fig. 8.2 Cone with several nappes

We remark that in the last three cases, for any vector N = (Na,...,N,) e W1,
there are several values of N; (with a maximum of m) which satisfy (8.28). This
means that the cone Ay has several nappes (see Fig. 8.2).

8.7 Examples

1. A second-order PDE is equivalent to a system of first-order differential equations.
In order to prove that the transformation preserves the character (elliptic,
hyperbolic, or parabolic), we observe that Laplace’s equation

%u n 0%u _0o
x> ax;
with the substitution
ou ou
_— = —_— =W,
oxq x>
is equivalent to the system
av w
Bxl 3X2 v
av w
8x2 8)(?1 o

where the second equation expresses that the second mixed derivatives of the
function u are equal.
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By comparing to (8.19), the previous system can be written as

v v
toY[an ) o s | (0
(o5 8+ (To) | 5 - (5):

8)61 3X2

and the characteristic equation (8.25) is given by

10Y)af 01\ af\ _
d"’t((o—l)a—ﬂ(lo)a—m)—o
af \? f \*
(a—xl) +(a—xz) =0
Then (8.28) becomes

10 01
det((o 1)]V] + (_1 O)Nz) =0

N+ N;=0

or

ie.,

and this equation admits complex roots for any real value of N,.
By using this procedure, we ask the reader to verify that D’Alembert’s
equation is equivalent to a hyperbolic system.
2. The diffusion equation

0 0’
M _’; =0
8X1 8)(2
is equivalent to the system
w
a)Q B
av aw

8X2 8x1 -
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where du/dx; = v and du/dx, = w. In matrix form, this is

av av
00 \[a ). (o035 | (v
(o2& = (Vo) | & | = (6)
8X1 8xz

and multiplying on the left by the inverse of

(1)

gives
av av
0-1 8_)61 10 3_)62 _ (0
(oo ) &+ (D) 8 )-()
8x1 8)(2

As a consequence, (8.29) becomes

(B2 » ()

It is now rather easy to verify that N, = 0 is an eigenvalue of multiplicity 2
and the corresponding eigenvector is (v{, 0), so that it spans a one-dimensional
subspace. Therefore, the system is parabolic.

3. Finally, we introduce an example related to fluid mechanics (a topic addressed
in Chap. 9). Let S be a perfect compressible fluid of density p(z, x) and velocity
v(t, x) (oriented parallel to the axis Ox). The balance equations of mass (5.22)
and momentum (5.30) of S are

ap ap av
E—i_va—i_pa —O’

av av ap
P+ pvo— + p/(p)a =0,

ot ox

where p = p(p) is the constitutive equation.
The above system can be reduced to the form (8.19) as follows:

ap ap
10 o v op M
t x | =
(09) & +(p’ pV) & O
ot

ax
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so that the characteristic equation (8.25) is given by

“((op) 5 () ) =

It can also be written in the form

af | of af
- + y— p_
det 8[ 8x 8x =0
ot o or
ox  P\or T Vax

and the expansion of the determinant gives

Furthermore, (8.28) can be written as

w( (1) 7,000

N? +2NvN; + N7 (V* — p) = 0.

ie.,

This equation has two distinct roots

Ny = (—v + /?) Na,

which are real if p’(p) > 0. The corresponding eigenvectors

(=) ()

are independent, so that the system is totally hyperbolic.

8.8 Second-Order Systems

In many circumstances, the mathematical model of a physical problem reduces to a
second-order quasi-linear system
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i, 32141(

Y x,u, Vu) =0, HK=1,...,m, 8.31

”Kax,-axj +fH( ) ( )
of m equations in the unknown functions u, ..., u, depending on the variables

Xlyeooy Xpe
In this case, the classification of the system can be pursued by two procedures.
The procedure discussed in the previous section can be still applied by trans-
forming (8.31) into a first-order system of (m + mn) equations by adding the mn
auxiliary equations

3
SH oy H=1...m. j=1,..n,
an

with mn auxiliary unknowns and by rewriting (8.31) in the form

Aij Bij

HK 3 + fu(x,u,v) =0, H,K=1,...,m.

Such a procedure has the disadvantage that there is a huge increase in the number
of equations: as an example, if m = 3 and n = 4, the transformed system gives rise
to 15 equations.

This shortcoming calls for a different approach, so that the system (8.31) is
written in the matrix form

g 0*u
AY + f(x,u, Vu) = 0, (8.32)
8x,~ 3Xj
where
(A A, fi
AV = ... , f=1-..-
AZ[I e Alritm fm

We remark that the matrices AY are generally not symmetric. By proceeding as in
the previous two sections, instead of (8.14), (8.24), we find that the characteristic
surfaces are now given by the equation

det (Aif%i) =0. (8.33)

Xi an

As a consequence, the vector N normal to the characteristic surface f = const,
satisfies the condition

det(A” N;N;) = 0, (8.34)
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which defines, at any X, a cone with multiple nappes. This result allows us to extend
the classification rule of first-order systems to second-order ones.

8.9 Ordinary Waves

Let C be a region of :”. We denote by X,_; a hypersurface dividing this region
into two parts C~ and C T, where C* is that part which contains the unit vector N
normal to ¥,_;. If u(x) is a C' function in C — X,_; as well as a solution of the
system (8.21) in each one of the regions C~ and C ™, then the following theorem
can be proved:

Theorem 8.2. The surface ¥,y is a first-order singular surface with respect to
the function u(x) if and only if it is a characteristic surface for the Cauchy problem
(8.21)—(8.22).

Proof. Let X, be a first-order singular surface with respect to u(x). Then the
following jump condition holds across X, (see (2.49)):

9
H—“H —aN, Vxoe 3, .. (8.35)
8xl- X0

where a is a vector field with m components. In addition, since u(x) satisfies the
system (8.19) in both C~ and C* regions, for x — Xy € X,_;, we find that

+
Al (8_u) =c,
8xi X0

Al [[a—“ﬂ =0. (8.36)
8xi X0

Owing to (8.35), when we note that N; = df/0dx;, where f(x) = 0 is the equation
of the surface X,_, we conclude that

(Aii) a=0. (8.37)
ax,» X0

If the surface X,_; is singular, then the field a is nonvanishing at some point Xy €
¥,—1. Equivalently, the coefficient determinant of the system (8.37) in the unknown
vector a has to be equal to zero. Therefore, (8.25) holds and ¥,,_; is a characteristic
surface.

Conversely, if (8.25) holds, then (8.35) is satisfied for a nonvanishing vector a
and ¥,_; is a first-order singular surface. O

so that
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In its essence, the previous theorem states that the characteristic surfaces of the
system (8.19) are coincident with the singular first-order surfaces of the solution
u(x) of (8.19). System (8.37) is called the jump system associated with (8.19).

In order to highlight the role of the previous theorem in wave propagation,
a physical phenomenon is supposed to be represented by the first-order quasi-
linear system (8.21), whose unknowns are functions of the independent variables
(X1, X2, X3, x4) = (£,X) € R4, where ¢ is the time and x is a spatial point. A moving
surface S(t), of equation f(¢,x) = 0, is supposed to subdivide a region V C %3
into two parts V™ (¢) and V ¥ (¢), with the normal unit vector to S(¢) pointing toward
V().

If the solution u(#,x) of (8.21) exhibits a discontinuity in some of its first
derivatives across S(¢), then u(¢, x) is said to represent an ordinary wave. If the
function itself exhibits a discontinuity on S(¢), then u(z,x) represents a shock
wave. In both cases, S(t) is the wavefront and V T (¢) is the region toward which
the surface S(¢) is moving with normal speed c,. Accordingly, regions V' ~(¢) and
VT (t) are called the perturbed and undisturbed region, respectively.

It follows that a wavefront S(¢) of an ordinary wave is a first-order singular
surface with respect to the solution u(z, x) of the system (8.19), or, equivalently, a
characteristic surface.

With these concepts in mind, we can determine the wavefront f(¢,x) = 0 by
means of the theory of singular surfaces as well as by referring to characteristic
surfaces. The relevant aspect relies on the fact that the system (8.19) predicts the
propagation of ordinary waves if and only if its characteristics are real, i.e., the
system is hyperbolic.

It could be argued that the definition of a wave introduced here does not
correspond to the intuitive idea of this phenomenon. As an example, the solution
of D’ Alembert’s equation can be expressed as a Fourier series of elementary waves.
In any case, when dealing with ordinary waves of discontinuity, it is relatively easy
to determine the propagation speed of the wavefront S(¢) and its evolution as well
as the evolution of the discontinuity. Furthermore, in all those cases in which we
are able to construct the solution, it can be verified a posteriori that the propagation
characteristics are coincident with those derived from the theory of ordinary waves.

If the evolution is represented by a first-order system of PDEs

u ; ou
E + ZB (X,[,u)a—Xi =b, (838)

i=1
then the associated jump system is

3
—cia+ Y B(x.ru)ma =0, (8.39)

i=1

where ¢, is the propagation speed of the wavefront f(¢,x) = 0, n is the unit vector
normal to the surface, and a is the vector of discontinuities of first derivatives. If we
introduce the m x m matrix



218 8 Wave Propagation

3
Qx.t,um) =Y B(x.,un;, (8.40)

i=1

where m is the number of unknowns, i.e., the number of components of u(z, x), then
system (8.39) becomes

Q(x,t,u,n)a =c,a. (8.41)

This equation leads to the following results (Hadamard): Given the undisturbed
state u™ (X, t) toward which the ordinary wave propagates, the matrix Q is a known
function of r and t, due to the continuity of u(x, t) on S(t). Furthermore, for a given
direction of propagation n, speeds of propagation correspond to the eigenvalues of
the matrix Q, and discontinuities of first derivatives are the eigenvectors of Q.

The existence of waves requires that eigenvalues and eigenvectors be real.

Once the propagation speed ¢, (X, t, u™, n) has been determined, the evolution of
the wavefront can be derived by referring to the speed of propagation of S(¢) (see
Chap. 4):

T e etV (8.42)

Since S(¢) is a moving surface, df/dt # 0; furthermore,n = V f/ |V f| and ¢,
is a homogeneous function of zero order with respect to df/dx;. Therefore, (8.42)
reduces to the eikonal equation:

3 B
8—{ + cn(x, t,ut, %): 0. (8.43)

Finding the solution of this equation is far from being a simple task.

Here again it may happen that the physical problem can be represented by m
second-order PDEs with m unknowns depending on x1, ..., x,. This system could
be transformed into a new first-order system of mn equations with mn unknowns,
to which the previous results apply, by introducing the new unknowns

8u,-
L =,
8Xj Y
and the additional equations
8\/,‘]‘ _ Bv,-h
dx,  ox;’

expressing the invertibility of second derivatives of functions u;. Because such a
procedure greatly increases the number of equations, the extension of the previous
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procedure to second-order systems appears to be more convenient. From this
perspective, if the evolution is represented by the system

0%u 0’u
— + B,‘j (I, X, U, Vll) aXi axj

TE + f(¢,x,u, Vu) = 0, (8.44)

then an ordinary wave is defined as a second-order singular surface S(¢) of the
solution u(z, X), i.e., as a surface across which the second-order derivatives (some
or all of them) are discontinuous; similarly, S(¢) is a shock wave if the function or
its first derivatives are discontinuous across it.

If the system (8.44) is written in the regions V'~ and V' t, then by considering the
limit of x toward a point r € S(¢) and by subtracting the results, we obtain the jump
system associated with (8.44):

%u %*u
[[ﬁﬂr + B (x,t,u, Vu), Haxiax, Hr =0. (8.45)

By recalling jump expressions derived in Sect. 4.5, this becomes

Q(x,t,u,Vu,n)a = B;;(x,t,u, Vu)n;n;a = c’a, (8.46)
] J n

where n = (n;) is the unit vector normal to S(¢) and a is the discontinuity vector.

It has been proved that (Hadamard): Given an undisturbed state u™ (x,t) toward
which the ordinary wave S(t) propagates, then due to the continuity of u(x,t)
across S(t), the matrix Q is a known function of t and r. Furthermore, given a
propagation direction n, the speeds of propagation are the roots of eigenvalues of
the matrix

Blj (l5xv u, vu)rninj,

and the discontinuity vectors are its eigenvectors.
We give the following examples:

1. When we consider D’ Alembert’s equation

Fre

the jump system is written as
_ .2
(n ®@n)a = c;a.

In a reference frame Oxyz in which Ox is parallel to n, where n = (1,0, 0),
the eigenvalues of the tensor n @ n are 0 (with multiplicity 2) and 1 and the
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eigenvectors have components (0, a;, @3) and (ay, 0, 0). It follows that the speeds
of propagation along n are +1.
2. The system of example 3, Sect. 8.3, can be written in the form (8.38)

W\ (B
t ’ —
gv T2 v %ﬁ =0
dr p ax
and, since n = (1, 0, 0), it follows that
v p
Q=| 7
—
0

The eigenvalues of this matrix are

cn =v=EVp(p).

so that the result previously obtained is recovered.

8.10 Linearized Theory and Waves

We have already seen how far from straightforward it is to obtain a solution of the
quasi-linear system (8.38). But it can also be observed that, under the assumption
b = 0, any arbitrary constant vector function u = uy is a solution of the system.
More generally, suppose that a solution ug of (8.38) is already known, so that we
can ask under which circumstances the function

u=1uy + v, (847)

obtained by adding a small perturbation v to the undisturbed state uy, is still a
solution of the system.

We say that there is a small perturbation if |v| and |Vv]| are first-order quantities,
so that their products and power can be neglected. It will be shown in the following
discussion that such an assumption implies that v is a solution of the linearized
system (8.38), so that we can apply many techniques in order to find an analytical
expression of v. In addition, we also note that the assumption of small perturbation,
to be consistent, requires that we ascertain the stability of the undisturbed state. This
observation is related to the nonlinear nature of the system (8.38), so that it could
happen that a solution corresponding to initial data uy + vy, with small vy,
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¢ it does not remain over time of the order of vg; or
* only exists in a finite time interval.

In both cases the solution of the linearized problem does not represent an
approximate solution of the nonlinear problem.

Within this framework, we introduce the following examples to clarify the
previous considerations.

1. Consider the nonlinear equation

ou ou
- i 4
5 + o 0, (8.48)

which admits the solution #y = 0. The integral curves of the vector field V =
(1, u) are the solution of the system

dr 1
ds
dx
el
ds
which corresponds to the equation
d
= = ult.x(0)). (8.49)
On these curves, (8.48) gives
du 0
ds

ie., u(t,x(t)) = const = u(0,x(0)) = uy(€), where £ = x(0). From (8.49) it
follows that along the lines

x —up(§)r =&, (8.50)

the solution u(z, x) of (8.48) is constant, so that at (¢, x) it assumes the same
values that it has at the point &:

u = ug(x —uo(§)t),

showing a character of wave solution. We can conclude that, given the values
ug (&) of the function u on the axis Ox, the solution of (8.48) is determined. If
the initial datum u((£) is not constant, then the straight lines (8.50) are no longer
parallel and they intersect at some point of the plane ¢, x. This means that the
wave is a shock (Fig. 8.3).
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s X uy(E) 1=

& X

Fig. 8.3 Intersection of characteristics

On the other hand, consider the Cauchy problem related to (8.48), with

up(§) = 1+ vo(§),

where v () is a first-order quantity. If (8.48) is linearized in the neighborhood
of u = 1, then we obtain for the perturbation v the equation

v n v 0
o oax
to be solved with the Cauchy datum vy(&). By using the previous procedure, we

conclude that the function v(¢, x) is constant along the parallel lines x — ¢ = &
and that it assumes the form

v(t, x) = vo(x — 1) = vo(§).

In this case the linear solution is defined at any time ¢ and represents a wave
moving with constant speed, equal to 1.
2. As asecond example we consider the equation

u 3
a_;‘ + % —2 =0, (8.51)

which admits the solution u = 0. If we introduce the vector field V = (1, 1),
whose integral curves are the parallel lines

x—t=E§,

then the previous equation along these lines gives

du
=

I =
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The general solution of (8.51) then is

_ o uw&) u(x—1)
S l—up®)t 1 —up(x —1)t’ (8.52)

where uy(§) = up(0, x). If up(§) > 0, then the solution along the straight line
x —t = £ is infinity at the time ¢, > 0, such that uy(§)z, = 1.

By linearizing in the neighborhood of # = 0, we obtain the following equation
for the perturbation v:

av n av —0
ar  ox
which has the wave solution

v =vy(§) = vo(x —1),

defined at any time 7.

When we can apply the linearizing procedure, presuming that the undisturbed
state is a stable one, then by substituting the solution (8.47) into (8.38) and by
neglecting nonlinear terms of |v| and |Vv|, we obtain that the perturbation v must
be a solution of the linear system

ov 3 ; av
FTia 3B (x,t,uo)B—Xi =0. (8.53)

i=1

In this case we can try to obtain the solution as a Fourier series of elementary waves;
i.e., we can try to determine whether a sinusoidal wave of amplitude A, wavelength
A, and propagating in the direction of the unit vector n with speed U, written as

2
v(t,x) = Asin T”(n x—Ut), (8.54)

can be a solution of (8.53). Since

ad 2 2

3_: =—T7TUACOSTJT(II-X—UI),
v 27 27

— = p;Acos—(m-x— ,

o, 3 n;A cos 3 (mn-x—Ut)

then by substituting into (8.53) we find that

3
—UA+ ) B'(x..up)n;A =0,

i=1
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which is the same as (8.39) if we assume that u = uy. We reach the conclusion that
a plane sinusoidal wave is a solution of the linear system (8.53) if and only if the
speed of propagation is an eigenvalue of

3
Q (x.1,up,m) = Y B (x,7,up)n;

i=1

and the amplitude is the corresponding eigenvector.

8.11 Shock Waves

As we mentioned in Sect. 8.5, a singular surface X (¢) is a shock wavefront if the
function u exhibits a discontinuity across it. Usually, we meet with shock waves
when we are dealing with systems of PDEs related to conservation laws

dg; d
S L 0 g = b xow), (8.55)
ot ij
i =1,....mand j = 1,...,n, i.e., to those systems which are equivalent to

integral balance laws (see (5.2) and (5.3))

d
—/gi(ll)d(,’:—/ \I»’iijdO"F/bidC,
dt Jy av 14

where V is an arbitrary volume of 9%1* and N is the unit vector normal to 3V
As discussed in Chap. 5 (see (5.3)), on the discontinuity surface X(¢) the
following Rankine—Hugoniot jump conditions hold:

[[gi(w)c, — W;; (¢, x,w)n;]] =0, (8.56)

where ¢, is the normal component of the speed of propagation of X (¢) and n is the
unit vector normal to X(¢).

Let us now assume that a given phenomenon is represented by a system of n
PDEs such as (8.55), with the unknowns u = (uy, ..., u,). When the constitutive
law W (7, x, u) has been defined, the system (8.56) gives a finite relation between the
two limits u~ and ut of the field u on the two sides of the wavefront, where u™ are
the values relative to the undisturbed region.

The aim is now to analyze the system (8.56) with reference to the following three
cases:

e linear shock;
e small intensity shock;
* finite shock.



8.11 Shock Waves 225

Let us start by assuming that both functions g; and W;; are linearly dependent on
the unknown functions ; :

gi = Kij([,x)uj, \IJU = Hijk(l5x)ukv

i.e., the system (8.55) is linear or semi-linear. Accordingly, the Rankine—Hugoniot
conditions are

(Kijen — Hikjnk)[[”j]] =0,

and they constitute an algebraic system for the jumps [[u;]]. In this case, it is then
apparent that our problem reduces to the usual eigenvalue problem, as we saw for
ordinary waves.

We assume that the jumps are of small intensity, then we can write

1
gi = Kiju; + EKi(,-l;),”j”h o

1 a
Vi = Hijrur + EH,-(jh)kuhuk +ee

By substituting into the Rankine-Hugoniot conditions (8.56), as well as by neglect-
ing terms higher than first order and taking into account the symmetry conditions

1) _ M O _ g
Kijn = Kinj» Hijpe = Hijps

we get

1
(Kijen = Hyenio)llug]] + 5 (Kjjien = Hignio[lujun]]) = 0.

By also observing that
[[AB]] = AYBT* — A" B~ =A"BtT — A Bt + A"B"— A B~
=[BT + [[B]IA™ = [[Al|BT + [[BII(AT —[[A]])
=~ [[A]|B* +[[B]]A*,
we find that the previous relation assumes the form
(Kijen — Higgni)[lu;]]

1
+ 5 Kiinen = Higgym) (i + [l = 0
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and it follows that
(Lijen — Migjni)[[u;]] = 0, (8.57)
where

1
Lij = Ki; + Kf,-ZuZ ;

1
Miy; = Hij + H'(k/)'hul_z'_'

1

In the case of small intensity shocks, we conclude that the problem of determin-
ing the speed of propagation and the jumps is reduced to a linear algebraic problem.

In the most general case, the Rankine—Hugoniot conditions correlate the values
of u™, corresponding to the perturbed region, with those of u™, corresponding to the
undisturbed region, when the speed of propagation c, is known. In fact, Eq. (8.56)
do not allow us to solve the problem, because, due to the presence of c,, there
are fewer equations than unknowns. All we can do is express the values of u™ as
functions of ¢, called the shock intensity.

We remark that even if we know the value of ¢,, the problem is still difficult
to solve. First, the system (8.56) could have no real solutions u|,...,u, in
the disturbed region; i.e., the state ul+, .. .,u;j could be incompatible with the
propagation of shock waves.

It could also happen that the system (8.56), which is nonlinear in the general case,
could admit more than one solution compatible with the choice u]+, R u;n", which
is equivalent to having several modes of propagation of shock waves. As this doesn’t
match physical reality, we need to introduce a rule for selecting the one meaningful
solution.

But before introducing such a rule, we also need to remark that the indeterminacy
arises from the definition of shock waves, according to which discontinuities of
zero order are assumed. In reality, around the wavefront there exists a boundary
layer where the fields u change rapidly but with continuity from values pertinent to
the perturbed state to those of the undisturbed state. This boundary layer can also
be predicted on a theoretical basis by introducing more sophisticated constitutive
laws. These laws generate a system of PDEs of higher order, with terms of higher
order being multiplied by a small parameter, which creates the boundary layer (see
Chap. 9).

In order to avoid this difficulty, an alternative approach consists of adding
to (8.56) a scalar condition which reflects the second law of thermodynamics (see
also Chap. 9).

One choice consists of assuming that the entropy jump across the shock
wavefront is positive. Another possibility is represented by the Lax condition [27]:

v,(ut) < ¢, <v,(u), (8.58)
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where v, (u™) and v, (u™) denote the advancing speeds of the ordinary discontinuity
waves in the states u™ and u~, respectively. In other words, the Lax condition
states that, before the arrival of the shock wave, the undisturbed region must be
in a supersonic state, while the disturbed region is in a subsonic state. This also
means that an observer who moves with the velocity of the perturbed region sees
the shock waves moving toward him with a supersonic speed. On the other hand,
an observer moving with the velocity of the undisturbed region sees the shock wave
going away with subsonic speed.

8.12 Exercises

1. Find a stationary wave for a string with fixed ends and length /.
We must find a solution u(x, t) to the problem

0%u ) 0%u

0z~ ax
u(0,t) =u(l,t) =0,

which exhibits, at any point, a character of oscillation but not of propagation.
To this end, consider the function

u(x, 1) = A(1)B(x),

where B(0) = B(Il) = 0 and A(t) is periodic. It can be verified that this function
is the required solution if and only if it has the form

. (2@ . 27
u(x,t) = Asin| —vt + ¢ |sin| —x +¢ |,
A A
where A and ¢ are arbitrary constants and A = [/ k, with k a positive integer.
2. Find a sinusoidal solution representing a wave propagating on a string of infinite

length.
In this case we need to verify that the function

2
u:ASinTn(x—vt)

is a solution of D’ Alembert’s equation.
3. Verify that the function

2
u(x,t) = Ae™" sin Tﬂ (x —vt)
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is a solution of D’ Alembert’s equation in presence of a dissipation term

Pu  ,0%u ou
— =—h—,h > 0.
FTER o

4. Classify the following PDEs by determining the corresponding characteristic
curves:

, 0%u n 0%u ,0%u 0
Xy—+x —y'— =0,
Vo2 Y dxdy Y dy?
0%u 0%u
(xlogy)s— +4y-— =0,
dx? dy?
(8.59)
0u 0%u 0
—Xy— = N
dxdy Y dy?
0%u 0%u
20U 20U
Yo TV ay?
Derive values of k for which the equation
0%u 0u 0%u
— —k +4x* — =0
dx2 xaxay x dy?
is elliptic, parabolic, or hyperbolic.
5. Verify that the quasi-linear equation
) 0%u u du 0%u ) %u

“oox? + dx dy dxdy ! Wz

is hyperbolic for any solution u.
6. Verify that the quasi-linear equation

{ du\* | 02u 2814 ou 0%u + du\? | 8%u —0
ox 0x2 dx dy dxdy dy ay?
is hyperbolic for those solutions for which |[Vu| > 1 and it is elliptic for those

solutions for which |Vu| < 1.
7. Classify the linear system

du Ju n dv dv
x Jt  0x ot
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8. Classify the quasi-linear system

ou ap  dp u
au T
p8x+u8x+ ot P

du n 8u+ ,0p
_ R ct-— =
PO TP T By

8.13 The Program PdeEqClass

Aim of the Program PdeEqClass

The program PdeEgClass classifies the quasi-linear second-order PDEs.

Description of the Problem and Relative Algorithm

Given a quasi-linear second-order PDE in a domain 2 C )"

0%u
8xi BX]'

a;; (X, u, Vu) = h(x,u, Vu), i,j=1,---,n, x€Q,

a point Xy and a solution uy(x), the program PdeEqgClass determines the
coefficient matrix A = (a,; j) and the matrix A, which is obtained by evaluating A
at xo with respect to the known solution u,. Moreover, it calculates the eigenvalues
of A if option=symbolic is chosen or those of Ay if option= numeric is
chosen. In the latter case the PDE is classified.

We recall that, for quasi-linear PDEs, the characteristic surfaces depend both
on the equation and the Cauchy data. Consequently, the classification is relative
to a point X for the given solution uy(x).! On the other hand, for semi-linear and
linear? PDEs the characteristic surfaces depend only on the equation and therefore
the classification is relative to any point Xo.

Tt is clear that this procedure is applicable when a solution is known, for instance when
up(X) =const.
2The equation is semi-linear if it has the form

92

2 = hix,u, Vu), i,j=1,.n x€Q,
3}6,‘3}6]‘

a;; (x)

and linear if h(x, u, Vu) is a linear function of « and Vu.
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Command Line of the Program PdeEqClass

PdeEgClass[eq, var, unk, point, unkO, option]

Parameter List

Input Data

eq = second-order quasi-linear PDE, where all the terms containing the second
derivative appear on the left-hand side, while all the other terms appear on the
right-hand side;

var = list of independent variables;

unk = unknown function;

point = coordinates of the point X, at which the PDE has to be classified;
unk0 = known solution #y of PDE when it is quasi-linear;

option = option for the symbolic or numeric calculation of the eigenvalues of
A and Ay, respectively.

Output Data

the coefficient matrix A;

the matrix A obtained by evaluating A at point and with respect to the solution
unko;

the eigenvalues of A if option = symbolic;

the eigenvalues of Ag if option = numeric;

the elliptic, hyperbolic, or parabolic character of the PDE if option =
numeric.

Use Instructions

The equation has to be given in such a way that on the left-hand side the second
derivatives appear, while the right-hand side includes all the terms involving the
unknown function and its first derivatives. According with the syntax both of
Mathematica® [69] and the program PdeEqClass, the PDE to be examined must
be put in the form,

eq = aij(x,u, Vu)uy, x, == h(x,u, Vu),

where the two sides of the equation are separated by a double equal sign and the
2

symbol is written as Uy, x;-

X4i0X4
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If the equation is semi-linear or linear, then only the input datum point has to

be given, not unko0.

Worked Examples

1. Laplace’s Equation: Consider Laplace’s equation
Vex T Vyy +v,, =0.

To apply the program PdeEgClass, it is sufficient to input the following data:

eq = Vyx + Vyy + Vzz == 0;
var = {x,v, z};
unk = v;

point = {Xo, Yo, Zo};

unk0 = vg;

option = numeric;

PdeEqgClass[eq, wvar, unk, point, unk0, optionl]
In output we obtain

Coefficient matrix

100
A=]010

001
Eigenvalues of A
Ar=1

The Pde is elliptic.
2. Classify the following equation:

Uy + 2ku; o + kK*up = 0.
To apply the program PdeEgClass, it is sufficient to input the following data:

Ux x =+ 2kut.x =+ k2ut,t == O,
var = {t, x};

unk = u;
point = {to,Xo};
unk0 = ug;

option = numeric;
PdeEgClass[eq, var, unk, point, unkO, option]
In output we obtain
Coefficient matrix

. (k2 k)
A=

k1

Eigenvalues of A
A1 =0
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2 =1+k?
The Pde is parabolic.
3. To verify that the quasi-linear equation

uzux’x + 3u uyuy, — uzuy,y =0

is hyperbolic for any nonvanishing solution # = u(x, y), we can start by applying
the program PdeEgClass with the following input data:

U Uy x + 3UxlUylUyxy — Uy, == 0]
var = {x,v};
unk = u;

point = {x0,vo};

unk0 = ug;

option = numeric;

PdeEgClass[eq, var, unk, point, unkO, option]
The output is

Coefficient matrix

3uxUy

u2

A= 3u,u,

2
Matrix A, obtained by evaluating A at point {xq,yo} and
with respect to the solution ug[x,VY]

2

3
A Uo [X’ Y]Z Euo(o’l) [X, Y]uo(l’O)[Xv Y]
0= 3
~uo OV [x, yu "V [x, v] —uo[x,y]®

Eigenvalues of Ay

9
b = b I+ 2,y Oy

9
O T

The equation cannot be classified since not all the
eigenvalues have a definite sign!

As one can see, the output supplies only some help to the user in classifying the
equation. In fact, the program cannot decide the sign of the eigenvalues as long
as the input data are not given in the numerical form. That is due to the fact that
when the input data are assigned in symbolic form, Mathematica® [69] is not
able to distinguish between real and complex quantities.

Exercises

Apply the program PdeEgClass to the following differential equations.
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1. D’Alembert’s equation

2. Heat equation

3. Tricomi’s equation

4. Classify the PDE

32 82
Pu_ Pu
0x2 oxy
in the region x > 0.
5. Show that the equation
0%u n 0%u + 0%u 0
— + X F Xy — =
Yz TH 2 T2

is elliptic in the regions x > 0,y > 0,z > O0Oand x < 0,y < 0,z < 0, and is
hyperbolic almost everywhere else.

6.
xlogy@ + 4y82—u =0.
dx2 dy?
7.
2 2
zy% —xyzg =0
8.
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9.
-(»? +22) + @ +xz) + o+ y2) o
10.
0= DT E T (D =0
11.
(v 4U§ig+ 2%%- 0

12. Verify that the quasi-linear equation

] du\* | 0%u 2814814 9%u 4 du '\ Pu
dx dx2 dx dy dxdy dy 2
is hyperbolic for those solutions for which |Vu| > 1 and it is elliptic for those
solutions for which |Vu| < 1.

8.14 The Program PdeSysClass

Aim of the Program PdeSysClass

The program PdeSysClass classifies the quasi-linear first-order systems of
PDEs.

Description of the Problem and Relative Algorithm

Consider the quasi-linear first-order systems of PDEs of m equations in the m

unknown functions (uy, - - - , u,,) depending on n variables (x| =¢,--- , x,)
ouq ou,, ouy ou,,
(A}131+ +A1’"a )+---+(A’1’18”+ AT )=C1,
8”1 aum au] aum
Al Al . A" A" =,
( axl +et mm 8 ) + + ( ml a -+ mm a ) 9

(8.60)
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where Aﬁ-‘/- (x,u) and ¢; (x, u) are continuous functions of their arguments.
By introducing the matrices
(A A, c1
Al = cee eee e s C = e s
Al Al Cm

mm

the system (8.60) can be put in the form (see Chap. 8)

. du
o _ . 8.61
ox; c (8.61)

The program PdeSysClass determines the characteristic equation associated
with the system (8.61)

n
det (INl + ZB"‘NQ> =0, (8.62)

oa=2

where B* = (A!)"'A% and N = (N,) represent the components of an arbitrary vec-
tor of M"~!. It is well known that the roots N, of the characteristic equation (8.62)
coincide with the opposite of the eigenvalues of the matrix

B = iB"‘Na.
a=2

Then, if option = numeric, the program calculates the eigenvalues of B
with their respective algebraic and geometric multiplicities. Finally, it classifies
the system (8.60) at any point Xy (but for the given solution ug if the system is
quasi-linear).

Command Line of the Program PdeSysClass

PdeSysClass[sys, var, unk, point, unkO0, option]

Parameter List

Input Data

sys = quasi-linear first-order system of PDEs, where the terms containing the
first derivatives appear on the left-hand side while the right-hand side contains
the functions and the known terms;
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var = list of independent variables;

unk = list of unknown functions;

point = coordinates of the point Xy at which the system of PDEs has to be
classified;

unk0 = known solution ug of the system of PDEs when it is quasi-linear;
option = option for the symbolic or numeric calculations of the solutions of
the associated characteristic equation.

Output Data

the matrices A; of the coefficients of the system of PDEs;
the matrices AY obtained by evaluating A; at point and with respect to the
solution unk0;
the solutions of the characteristic equation (8.62);
n
the eigenvalues of B = Y BYN, if option = numeric;

a=2
the algebraic and geometric multiplicities of the distinct eigenvalues of B if

option = numeric;
the elliptic, hyperbolic, totally hyperbolic, or parabolic character of the system
of PDEs if option = numeric.

Use Instructions

The system of PDEs has to be given in such a way that on the left-hand side the
first derivatives appear, while the right-hand side includes all the terms involving
the unknown functions and the known terms. The system of PDEs we wish to
examine must to be given according to the syntax both of Mathematica® [69] and
the program, i.e., in the form

eql = (Ajjupy, + -0+ Al Un, ) + 0+ (B Uny, + -+ A Uy, ) == Cu,

eqm = (A Ui + o+ Afpling ) + o+ (B s, 00 + AU, ) == cn,

where the two sides of the any equation are separated by a double equal sign and

0
the symbol 3 4

is written as Uy, .

For a semi-linear or linear system, only the input datum point has to be given,
not unko.

We remark that to classify the system of PDEs when option = numeric,
the arbitrary unit vector N = (N,) of %"~ is chosen.
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Worked Examples

1. Laplace’s equation: Consider the system in )

vy +wy =0,
vy —wy =0,

which is equivalent to Laplace’s equation
Uy +uy, =0.

To apply the program PdeSysClass, it is sufficient to input the following data:
eql = vy + wy, == 0;

eq2 = vy —wy == 0;

sys = {eql,eq2};

var = {x,v};

unk = {v, w};

point = {Xo, Yo}

unk0 = {vo, wo};

option = numeric;

PdeSysClass[sys, var, unk, point, unkO, option]
In output we obtain

Coefficient matrices

Al:(l o)
0-1
A2=(01)
10
Solutions of the characteristic equation

det(IN; + Y B%®Ny) =0

=2

Nl = —lN2
Nl == lN2

. B 01
Eigenvalues of B= ) B%Ny =

=2 —-10

A.]_ == _i
A,z == i

Algebraic and geometric multiplicities of the
distinct eigenvalues of B
A =-—1: AlgMult =1 GeoMult =1
Ay =1: AlgMult =1 GeoMult =1
The system of PDEs is elliptic.
2. Classify the linear system in %>

uy +2uy +vy +3v, =u—v,
Buy +uy —2v — vy, = 2.
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To apply the program PdeSysClass, it is sufficient to input the following data:
eql = uy + 2uy + vx + 3vy == u—V;

eg2 = 3Uuy + Uy — 2V, — Vy == 2V,

sys = {eql, eq2};

var = {X,y}

unk = {u,v};

point = {xo,yo};

unk0 = {ug, vo};

option = numeric;

PdeSysClass[sys, var, unk, point, unkO, option]
In output we obtain

Coefficient matrices

a1 1
' 3 -2

a2 3
: 1-1
Solutions of the characteristic equation

n
det(IN+; Y BYNyg) =0
o=2

1
N; = _5(3 + V5N,
1
Ny = 5(—3 + V5N,

. 0 11
Eigenvalues of B= Y B%Ny =
a=2 12

)

Ay = %(3 + /5)

Algebraic and geometric multiplicities of the
distinct eigenvalues of B

A= %(3 —+/5): AlgMult =1 GeoMult =1

Ay = %(3 ++/5): AlgMult =1 GeoMult =1

The system of PDEs is totally hyperbolic.

Exercises

Apply the program PdeSysClass to the following systems.

1. D’ Alembert’s equation

Vx_WIZO»

wy —a?v, =0,
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2. Heat equation

wy —v, =0,
Ve = —W.

3. Equations of 2D fluid dynamics

%pt+v,ox+pvx =0,
pve + pvvx + p'(p)px = 0.

4. Equations of 3D fluid dynamics

o +upx +vp, + pux + pv, =0,
pu; + puuy + pviy + p'(p)px = 0,
pve + puvy + pvvy + p'(p)py = 0.
5. Classify the system
Uy +xut; +vy +3v, = u—v,
3uy +u —2v, — v, = 2v,

along the straight line xo = 2, i.e., at the arbitrary point (¢p, xo = 2).
6. Classify the system

Uy +2u; +vy +3v, = u—v,
3uy +u;, — 2v, — v, = 2v.

7. Classify the system

2pu
PUx + Upx + Pr = _75

puity + pu; + ¢*p, =0,

at any point with respect to the solution (p = pg, u = 0).
8. Tricomi’s equation: Classify the system

vy —wy =0,
vy +xwy =0,

at any point (x = xg, y) for any xq in 9.
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8.15 The Program Wavesl

Aim of the Program Wavesl

The program WavesI determines the characteristic equation of a quasi-linear first-
order system of PDEs as well as the advancing speeds of the characteristic surfaces.

Description of the Problem and Relative Algorithm

Consider a quasi-linear first-order system of PDEs of m equations in the m unknown
functions (u1, - - , u;,) depending on the n variables (x; = ¢,--- , x,) in the form

a .
A% (x,u) % = F; (x.u), (8.63)

where Affj (x,u) and F;(x,u) are continuous functions of their arguments.
The hypersurface ¥,_; of equation f(x) = 0 is a characteristic surface for the
Cauchy problem

. Ju
Al— =TF,
8x,~
u(x) =ug (x) Vx € X1,

where

i i
All "'Alm

Al =1.
Ai

ml

cee Af'nm
if it is a singular first-order surface of the function u (x), i.e., if

det (A" aa—f) =0. (8.64)

Xi

Moreover, the following jump conditions hold?:

],

3Remember that the time occupies the first place, i.e., x; = f, in the list of the independent
variables.
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0
[[_u}] =hni—1a Vi :27“' \n, XOGEn—ls
8)(7,' X0

where n is the unit vector normal to X,_; at Xo, ¢, is the normal component of the
advancing speed, and a is the discontinuity field of the same order as u. These last
relations, together with (8.64), allow us to calculate the normal components of the
advancing speeds of X,_;.

Command Line of the Program Wavesl

WavesI[sys, unk, var]

Parameter List

Input Data

sys = quasi-linear first-order system of PDEs, where the terms containing the
first derivatives appear on the left-hand side, and the right-hand side contains the
functions and the known terms;

unk = list of the unknown functions;

var = list of the independent variables; the first one is the time.

Output Data

the canonical form of the system;
the characteristic equation;
the normal speed of X,_;.

Use Instructions

The system of PDEs has to be given in such a way that on the left-hand side the
first derivatives appear and the right-hand side includes all the terms involving the
unknown functions and the known terms. Moreover, the time ¢ occupies the first
place in the list of the independent variables.

The system of PDEs we wish to examine must to be given according to the syntax
both of Mathematica® [69] and the program; i.e., any equation has to be written in
the form

eq; = A];j (uj)Xk == Fy,
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s
where the two sides are separated by a double equal sign and the symbol 8ﬁ is
Xk

written as (uj),, .

Worked Example

Hydrodynamic equations: In the absence of body forces, consider the hydrodynamic
equations of a compressible perfect fluid

pv+ p'(p)Vp =0,
o+ pV-v=0,

where the pressure p is a function of the density p. To verify the existence of
acoustic waves in the fluid, it is possible to use the program WavesI with the
following data*:

eql = p(vi)e + pvi(Vi)xa + pv2(Vi)xz + P'[p](0)x1 == O;
ed2 = p(v2)t + pvi(va)xa + pv2(va)xz + P'[pl(0)x2 == O;
eq3 = (p)t + vi(p)x1 + V2(P)x2+p(V1)x1 + p(V2)x2 == 0;
sys = {eql, eq2,eq3};

unk = {vi, vy, p};

var = {t,x1,x2};

WavesI[sys,unk, var]

The output is

Canonical form of the system

p0O0 (Vi) pvi 0 p'[p] (V1)x
0poO (v2)e |+ 0 pvi O (V2)x
001/ \ p p 0 v Prs
pvy, 0 0 (V1)x, 0
+| 0 pvaPlp] || (Va)x, [ =] O
0 p w3 Px, 0

Characteristic equation in a matrix form

4We remark that in Mathematica® [69] the functional dependence is expressed by brackets.
Therefore, instead of p = p (p) we have to write p = p [p].
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p0O0 pvi 0 p'[p] pvy, 0 0
Det | 0pO |fc+| 0 pvi O )+ | 0 pvoDPp] |£x, | =0
001 P 0 Vi1 0 P Vo

The explicit characteristic equation

p? (¢ + £x,v1 + £x,v2)
X (£2 + 2fx, 1, vive + 2f¢ (£x, v1 + £x,v2)+£2 (v — D [p])
+f., (vi—p'[p])) =0

Normal speed of X(t)

Cn1 =N1Vi + NV,
— /
Cn2 = M1Vi + N vy — /P'[p]

Cn3 =N1Vi + 0oV, + /P/[p]

Exercises

Verify the existence of characteristic surfaces for the following first-order quasi-
linear systems of PDEs.

1. Laplace’s equation
Au = 0.

In order to check that there is no real characteristic surface for this equation
by the program WavesI, we need to transform the previous equation into an
equivalent first-order system. But it is well known that this transformation can be
done in infinite ways, without modifying either the mathematical or the physical
properties. However, in this process it is essential to recall that the program
WavesI determines the characteristic surfaces as discontinuity surfaces for the
first derivatives of the involved unknown functions. In other words, only the
transformations for which the new unknowns coincide with the first derivatives
of the function u are allowed. In particular, we can achieve this by introducing
the functions

Uy = Uy, Uy = Uy,

and reducing the Laplace equation to the system

(ul)y - (u2)x = Oa
(1), + (w2), =0,



244 8 Wave Propagation

where the first equation expresses Schwarz’s condition for the second derivative
of u.
To make this clearer, we note that the transformation

MX = Ml,
Uy = Up,
(), + (w2), =0,

cannot be used in the program WavesI. In fact, with these new unknowns
uy, up, and u, the program attempts to determine the characteristic surfaces as
discontinuity surfaces for the first derivatives of u too.

2. D’ Alembert’s equation

9%u 1 9%u .
ax2 V2 a2

Similar to the previous exercise, by introducing the notations u; = u, and u, =
u,, the wave equation becomes equivalent to the following system:

(u1), — (itz)z =0,
(u2), — ﬁ(”l)t =0.

3. Heat equation

e Pu )~ ), =0,
at ax2 - u — (u2), = 0.

4. Tricomi’s equation
Pu  Pu % (1), — (u2), =0,

a2 dx2 (1), —t(uz)x = 0.

5. Generalized Tricomi’s equation

0%u
0t?

(u1), — (u2), =0,

_ ([)@—0 — %
V9277 T L), — gy =0.
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6. Maxwell’s equations

oH
VXE=—-u—,
aEal
VxH=¢—,
ot

where E and H are the electric and magnetic fields, and p and € are the dielectric
and magnetic permeability constants, respectively.
Maxwell’s equations are equivalent to the following first-order system:

(Ez)y - (Ey)Z + /’L(Hx)t =0,
(Ex)z - (Ez)x + M(Hy)t =0,
(Ey)x - (Ex)y + u(H): =0,
(H.), — (H,), — € (Ey), =0,
(Hx)z - (Hz)x - G(Ey)t =0,

(Hy)x - (Hx)y - €(Ez)l =0,

where E, E,, E.,H,, H,, and H; denote the components of E and H along
the axes. The existence of electromagnetic waves can be easily verified with the
program WavesI.

7. 2D-linear elasticity equation

2
Lo°u

P o
where p* is the mass density in the reference configuration, u is the displacement
field, and A and p are the Lamé coefficients. By introducing the new unknowns

du du du

=a, u2=§, u3=$

=@A+pw)VV-u+ uAu,

u

)

the above equation becomes equivalent to the following first-order system
composed by six equations in the unknowns u;, u; and us:

(u1x); = (u2x), =0,
(u1y), = (12y), = 0.
(UZ,X)y - (”3.x); =0,
(12,), — (1), = 0.
P (u2,x)z - (A + 1) [(ul.x)x + (ul,y)x] — M [(ul.x)x + (MS,x)y] =0,
1Y (“2.y)l - ()L + /L) [(u3.x)y + (u3.y)x] iy ¢ [(“2,)f)x + (“ly)y] =0.

The use of the program WavesI shows that the longitudinal waves travel with a
greater velocity than the transverse waves.
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8.
U — qx = Oa
g —a(u)gx = 0.
9.
u —qy =0,
qr —a(u)qx —b (u) vy =0,
g« —v=0.

8.16 The Program WaveslI

Aim of the Program WaveslII

The program WavesII evaluates the characteristic equation of a system of second-
order quasi-linear PDEs as well as the advancing speeds of the characteristic
surfaces and the second derivative jumps. Moreover, in the 2D case, it distinguishes
between transverse and longitudinal waves.

Description of the Problem and Relative Algorithm

Consider a second-order quasi-linear system of m equations in m unknowns

(u1,--+ ,u,) depending on n variables (x; =¢,--- , x,):
hk 82“/'
AlF(x,u, Vu) = F;(x,u, Vu), (8.65)
4 8x;18xk

where Ai.‘

(X, u, Vu) and F;(x,u, Vu) are continuous functions of their arguments.
A hypersurface ¥, of equation f(x) = 0 is a characteristic surface relative to

the Cauchy problem

ar U g
8xi 8x_,

u(x) =u(x)  Vxe X,

d
au = Vu-n = dy(x) Vx € X1,
dn

b
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where
ij ij
3 AYy - A,
A= ... ... ...
ij ij
Am1 o Amm

if it is a second-order singular surface for the function u (x), i.e., if

Bxi 8xj

det (Aif%i) =0.

Moreover, the following jump conditions hold?:

u]] )
— = c’a,
], -
Pu 7] Vi i—»
=n;_in;_a i,j =2, .,n,
8xi3xj__x0 10— J
%u 17
= —cyn;—1a Vi=2,---,n,
[[axiat__x() nfti=l :

Xg € X1,

247

(8.66)

where n is the unit vector normal to X, at X, ¢, is the advancing velocity of ,_,
and a is the discontinuity field of the same order as u. These last relations, together
with (8.66), allow us to evaluate the advancing velocity of ¥, _; and the jump fields.

In the planar case, the program distinguishes between transverse and longitudinal
waves. In particular, the velocity ¢, refers to a transverse wave if the second
derivative jumps on the characteristic surface are orthogonal to n, that is, the

following relations hold:

a-n=0,
axn#0;

similarly, ¢, refers to a longitudinal wave when the jumps are parallel to n:

axn=20.

{a-n;ﬁO,

SWe recall that the time always occupies the first position in the list of the variables, i.e., x| = t.



248 8 Wave Propagation
Command Line of the Program WavesII

WavesII([sys, unk, var]

Parameter List

Input Data

sys = second-order quasi-linear system of PDEs, where all the terms containing
the second derivative appear on the left-hand side, and all the other terms appear
on the right-hand side;

unk = list of the unknowns;

var = list of the independent variables where the first one is the time.

Output Data

characteristic equation associated with the system;

the normal speed of X,_;;

jump vectors;

in the 2D case the distinction between transverse and longitudinal waves.

Use Instructions

The system has to be given in such a way that on the left-hand sides the second
derivatives appear while the right-hand sides include all the terms involving the
unknown functions and their first derivatives. The time ¢ occupies the first position
of the list of the independent variables. Each equation of the system must be written
with the syntax both of Mathematica® [69] and the program, i.e., in the form
==Fi,

eq: = Af¥ (uy)

Xh,Xk

where the two sides of the equation are separated by a double equal sign and the
2
Uj

is written as (u;)
aXh Xk

symbol

Xh,Xk

Worked Example

Consider the 2D linear elasticity equation
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2
L0u

Pap = A+ w)VV-u+ pAu,
where p* is the mass density, u = (ux, uy) is the displacement field, and A and
are the Lamé coefficients.

To verify the existence of longitudinal and transverse waves, we can use the
program WavesII by inputting the following input data:

eql = p(Ux)ee — (A + W) ((W)xx + (Uy)xy) — #((Wx)xx + (Ux)yy) == 0;
ed2 = p(uy)ee — (A + W ((U)yx + (Uy)yy) — w((Uy)xx + (Uy)yy) == 0;
sys = {eql, eq2};

unk = {uyx, Uy}

var = {t, %, y};

WavesII[sys,unk,var]

The corresponding output is

Characteristic equation

(=4 —2p + pcZ) (—p + pc2) = 0

Normal speed of X(t)

SIS

Cni1 = —
VR
Cn,2 N —
NG
VA+2u
Cn3z = ———~——
NG
A+2p
c =
n,4 N

Jump vectors

asIlg
a; =
>
daIly
a; = —
o5}

VE

The velocity cpi1 = ———= refers to a transverse wave.

Jp
JI

The velocity cn, =——= refers to a transverse wave.
, VA+2u , )
The velocity cp3 = —"7-— refers to a longitudinal

JP

wave.
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. VA +2u . .
The velocity cp4s =——— refers to a longitudinal
0

wave.

Exercises

Apply the program WavesIT to the following systems.

1. Navier—Stokes equations

pv=@A+pVV-v+uAv—p'(p)Vp,
o+ pV-v=0.

The program WavesIT shows that, due to the viscosity, there is no propagation
in the fluid.
2. Laplace’s equation

3. D’Alembert’s equation

0%u 1 0%u
ox2  v2 9?2

4. Heat equation

ou  d%u _
ot ox2
5. Tricomi’s equation
0%u ; 0%u _0
ar  oax2 T
6. Generalized Tricomi’s equation
0%u 0u

oz 8052 =0



Chapter 9
Fluid Mechanics

This chapter contains many important topics about perfect and viscous fluids. First,
we formulate the equations of statics of fluids stating Stevino’s and Archimedes’
laws. Then, on dynamics of perfect fluids, we prove Kelvin’s, Lagrange’s and
Bernoulli’s theorems with some applications. After defining the vortex tubes, we
formulate Helmotz’s theorems. There follows an analysis of plane flows by complex
potentials. After showing important examples of complex potentials (vortex, source,
doublet, etc.), we prove D’ Alembert’s paradox and Blausius’ formula. The analysis
of Kutta—Joukowski’s mapping leads to the determination of wing contour. After
proving D’Alembert’s paradox, we are compelled to introduce the viscosity by
Newtonian fluids. After a dimensionless formulation of Navier—Stokes equations,
we show that viscous flows lead us to boundary layers. The chapter contains an
extensive analysis of these narrow regions by Prandtl’s approach. Then, we apply the
general theory of ordinary waves to perfect fluids in order to prove the existence of
longitudinal waves in compressible fluids. Finally, we apply the Rankine—Hugoniot
conditions to analyze the behavior of shock waves in perfect fluids. After sections
containing exercises, we state the programs, Potential, Wing and Joukowski written
with Mathematica® [69].

9.1 Perfect Fluid

A perfect fluid or Euler fluid was defined (see (7.28)) to be a fluid S whose stress
tensor is expressed by the constitutive equation

T=-pL, p>0, ©.1)
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where the positive scalar p is called the pressure. If the pressure

p = pp) 9.2)

is a given function of the mass density p, then the fluid is called compressible.
On the other hand, if the fluid is density preserving, so that the pressure does not
depend on p, then the fluid is said to be incompressible. In this case the pressure p
is no longer defined by a constitutive equation; it is a function of x to be deduced
from the momentum balance. By assuming (9.1), it follows that the stress acting on
any unit surface with normal N is given by

t=TN = —pN, (9.3)

so that t is normal to the surface, is directed toward the interior, and its intensity
does not depend on N (Pascal’s principle). When dealing with static conditions
(v =0) and conservative body forces, i.e., b = —VU, the momentum balance
equation (5.30) is

Vp=—pVU. 94

Experimental evidence leads us to assume that dp/dp > 0 and the function p =
p(p) can be inverted. If we introduce the notation

d
hp) = [ 2 ©9.5)
p(p)
then
dh 1
Vh(p) = d—VP = —Vp,
p p
and (9.4) becomes
V(h(p)+U) =0. (9.6)

Equation (9.6) shows that in the whole volume occupied by the fluid we have
h(p) + U = const. (9.7

In particular, if the fluid is incompressible (p = const), then instead of (9.7), we have
P _
= + U(x) = const. 9.8)
o

Both (9.7) and (9.8) allow us to say that potential surfaces coincide with the isobars.
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9.2 Stevino’s Law and Archimedes’ Principle

It is relevant to observe how many conclusions can be inferred from (9.7)
and (9.8).

1. Let S be an incompressible fluid on the boundary of which acts a uniform
pressure po (atmospheric pressure). If the vertical axis z is oriented downward,
then the relation U(x) = —gz+ const implies that the free surface is a horizontal
plane.

2. Let S be an incompressible fluid subjected to a uniform pressure po on its
boundary. If the cylinder which contains the fluid is rotating around a vertical
axis a with uniform angular velocity w, then its free surface is a paraboloid of
rotation around a. In fact, the force acting on the arbitrary particle P is given by

g+ a)za’), where Q is the projection of P on a. It follows that

2
w
U = —87— T(XZ + yz),

and then (9.8) proves that the free surface is a paraboloid (see Fig. 9.1).
3. Assume that the arbitrary constant in the expression of U is such that if z = 0,
then U(0) = 0. From (9.8) it follows that

p(2) Do
— —gz=—,
ie.,
p(z) = po+ pgz, 2> 0, 9.9)
1%

l o>
: ®°PQ
g

a

Fig. 9.1 Rotating vessel
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and Stevino’s law is obtained: The pressure linearly increases with depth by an
amount equal to the weight of the liquid column acting on the unit surface.

4. The simplest constitutive equation (9.2) is given by a linear function relating
the pressure to the mass density. By assuming that the proportionality factor is
a linear function of the absolute temperature 6, the corresponding constitutive
equation defines a perfect gas

p = Rpb, (9.10)

where R is the universal gas constant. Let the gas be at equilibrium at constant
and uniform temperature when subjected to its weight action. Assuming the axis
Oz is oriented upward, we get U(z) = gz+const and, taking into account (9.10),

Eq. (9.7) becomes
7 d
RO / @ _ —gz,
po P

so that

82
P@) = poexp (—-) ©.11)
5. Archimedes’ principle is a further consequence of (9.8): The buoyant force on
a body submerged in a liquid is equal to the weight of the liquid displaced by
the body.
To prove this statement, consider a body S submerged in a liquid, as shown
in Fig. 9.2.
If po is the atmospheric pressure, then the force acting on S is given by

F = —/ poNdo —/ (po + pgz)Ndo, (9.12)
o
|
G
G;\ /
—

Fig. 9.2 Archimedes principle
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where N is the outward unit vector normal to the body surface o, o; is the
submerged portion of o, and o, is the portion above the waterline. By adding
and subtracting on the right-hand side of (9.12) the integral of —poN over Q2 (see
Fig. 9.2), (9.12) becomes

F = —/ poNdo —/ (po + pgz)Ndo, (9.13)
aC, aC;

so that the knowledge of F requires the computation of the integrals in (9.13).
To do this, we define a virtual pressure field (continuous on €2) in the interior of
the body:

P = Do on C,,
p=pot+pgz onGC.

Applying Gauss’s theorem to the integrals in (9.13), we obtain

/ pONd0=/ VpodV =0, / poNdUZ/ VpodV =0,
ac. Ce G G

/ pgsza:pg/ vzdV.
BC,» Ci

Finally,
F = —pgVik, (9.14)

where Kk the unit vector associated with Oz.

Equation (9.14) gives the resultant force acting on the body S. To complete
the equilibrium analysis, the momentum My of pressure forces with respect to an

arbitrary pole O has to be explored. If r = m’), then

Mo =—p0/ l‘XNdO—/ r x (po + pgz)Ndo. (9.15)

i

Again, by adding and subtracting on the right-hand side of (9.15) the integral of
—por x N over €2, (9.15) becomes

Moz—pO/ rdeo—[ r x (po + pgz)Ndo.
aC, ac;
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By applying Gauss’s theorem, we get
0x;
_pO/ Eijl_JdV = —po/ EijISdeV =0,
C. 3)61 C,

d
/; ™ [€ij1x; (po + pg2) | dV

= —/ [€i118j1 (po + pgz) + €ijixjpgdy]dV

i

= —Pg/ €ijax; dV.

i

Finally,
My = —pg [x2ci — x1cj] Vi, (9.16)

where i and j are orthonormal base vectors on the horizontal plane and
X]Cv,' Zf X]dV, chVi =/ XQdV. (917)
Ci Ci

Expression (9.16) shows that the momentum of the pressure forces vanishes if
the line of action of the buoyant force passes through the centroid of the body. The
centroid of the displaced liquid volume is called center of buoyancy.

In summary: A body floating in a liquid is at equilibrium if the buoyant force is
equal to its weight and the line of action of the buoyant force passes through the
centroid of the body. It can be proved that the equilibrium is stable if the center of
buoyancy is above the centroid and it is unstable if the center of buoyancy is below
the centroid.

An extension of Archimedes’ principle to perfect gases is discussed in the
Exercise 3.

9.3 Fundamental Theorems of Fluid Dynamics

The momentum balance equation (5.30), when applied to a perfect fluid subjected
to conservative body forces, is written as

pv=—-Vp—pVU, (9.18)
with the additional introduction of (9.5), it holds that

v =—V(h(p)+U). (9.19)
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By recalling the above definitions, the following theorems can be proved.

Theorem 9.1 (W. Thomson, Lord Kelvin). In a barotropic flow under conserva-
tive body forces, the circulation around any closed material curve y is preserved;
i.e., it is independent of time:

d/ ds = 0 9.20)
— [ v-ds=0. .
dr J,

Proof. If y is a material closed curve, then there exists a closed curve y* in C* such
that y is the image of y* under the motion equation y = x(y*, t). It follows that

d d axi d 8Xi
—_— ,'diz— ,—dXZ —_ P dX;
dt[yv Y= ) e /y d1 (V axj) y
0x; ax,) . ;i
Vi +Vvi— | dX; :/(Vf+Vj_)dX',
/V*( 8X] 8X] / y ij /

and, taking into account (9.19), it is proved that

d 1 1
Z/ywds:/y(i'—i-Esz)'ds:—/yV(h(P)-l-U—Evz)~ds:0.

9.21)

Theorem 9.2 (Lagrange). If at a given instant to the motion is irrotational, then it
continues to be irrotational at any t > ty, or equivalently, vortices cannot form.

Proof. This can be regarded as a special case of Thomson’s theorem. Suppose that
in the region Cj occupied by the fluid at the instant #, the condition @ = 0 holds.
Stokes’s theorem requires that

1"0=/ v-ds=0
%

for any material closed curve y,. But Thomson’s theorem states that I' = 0 for all
t > to, so that also @ (#) = 0 holds at any instant. O

Theorem 9.3 (Bernoulli). In a steady flow, along any particle path, i.e., along the
trajectory of an individual element of fluid, the quantity

1
H = Evz + h(p) + U, (9.22)

is constant. In general, the constant H changes from one streamline to another, but
if the motion is irrotational, then H is constant in time and over the whole space of
the flow field.
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Proof. By recalling (4.18) and the time independence of the flow, (9.19) can be
written as

v=(VxXxvVv)xv+ %sz =—-V(h(p) + U). (9.23)

A scalar multiplication by v gives the relation
. L,
v-V 37 +h(p)+U)=0,

which proves that (9.22) is constant along any particle path. If the steady flow is
irrotational, then (9.23) implies H = const through the flow field at any time. 0O

In particular, if the fluid is incompressible, then Bernoulli’s theorem states that
in a steady flow along any particle path (or through the flow field if the flow is
irrotational) the quantity H is preserved; i.e.,

1, p
H = Ev + = 4+ U = const. (9.24)
o

The Bernoulli equation is often used in another form, obtained by dividing (9.24)
by the gravitational acceleration

h:+h, + h, = const,

where h, = U/g is the gravity head or potential head, h, = p/pg is the pressure
head and h, = v?/2g is the velocity head.

In a steady flow, a stream tube is a tubular region ¥ within the fluid bounded
by streamlines. We note that streamlines cannot intersect each other. Because
dp/dt = 0, the balance equation (5.22) gives V- (pv) = 0, and by integrating over a
volume V' defined by the sections o, and 0, of a stream tube (see Fig. 9.3), we obtain

sz pV-NdGz/ pv-Ndo. (9.25)
o] 02

Gy

N
- & v

N

Fig. 9.3 Stream tube
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This relation proves that the flux is constant across any section of the stream tube.
If the fluid is incompressible, then (9.25) reduces to

/V-Nd0=/ v-Ndo. (9.26)
a1 02

The local angular speed @ is also called the vortex vector and the related integral
curves are vortex lines; furthermore, a vortex tube is a surface represented by all
vortex lines passing through the points of a (nonvortex) closed curve. By recalling
that a vector field w satisfying the condition V-w = 0 is termed solenoidal, and that
2V-w = V-V xv = 0, we conclude that the field @ is solenoidal. Therefore vortex
lines are closed if they are limited, and they are open if unconfined. We observe that
Fig. 9.3 can also be used to represent a vortex tube if the vector v is replaced by w.

The following examples illustrate some relevant applications of Bernoulli’s
equation.

1. Consider an open vessel with an orifice at depth /& from the free surface of
the fluid. Suppose that fluid is added on the top, in order to keep constant the
height . Under these circumstances, it can be proved that the velocity of the fluid
leaving the vessel through the orifice is equal to that of a body falling from the
elevation h with initial velocity equal to zero (this result is known as Torricelli’s
theorem, because it was found long before Bernoulli’s work). Assuming that at
the free surface we have v =0 and z = 0, it follows that H = py/p and, by
applying (9.24), we derive the relation

2
HoP VP

P 2

so that v = /2gh.

2. In a horizontal pipe of variable cross section, the pressure of an incompressible
fluid in steady motion decreases in the converging section.
First, the mass balance equation (9.26) requires that

V101 = V203, (927)

so that the fluid velocity increases in the converging section and decreases in the
diverging section.

Furthermore, since U = gz = const along the stream tube, (9.24)
implies that

Vz V2
_1+ﬂ=_2_|_&’
P2 p

and this proves that the pressure decreases in a converging section. This result
is applied in Venturi’s tube, where a converging section acts as a nozzle, by
increasing the fluid velocity and decreasing its pressure.
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Theorem 9.4 (First Helmoltz’s Theorem). The flux of the vortex vector across
any section of a vortex tube is constant.

Proof. Let 01 and o, be two sections of a vortex tube 7' and consider the closed
surface ¥ defined by oy, 0, and the lateral surface of T. By applying Gauss’s
theorem, we have

1
/w-NdUz/V~de:—/V~(va)dV:0,
z % 2 Jy

where N is the unit outward vector normal to X. The definition of a vortex tube
implies that @ is tangent to X at any point, so that the theorem is proved since

/w-Nda:—/w-N1d0+/w-N2d0=0,
) o] 02

where N is the unit vector normal to o, pointing toward the interior of the tube,
and N is the outward unit vector normal to o,. O

From this theorem it also follows that the particle vorticity increases if the vortex
curves are converging.

Theorem 9.5 (Second Helmoltz’s Theorem). Vortex lines are material lines.

Proof. Atthe instant fy = 0, the vector @ is supposed to be tangent to the surface oy.
Denote by o (¢) the material surface defined by the particles lying upon oy at the
instant 7y. We have to prove that o (¢) is a vortex surface at any arbitrary instant.
First, we verify that the circulation I" along any closed line y, on oy vanishes. In fact,
if A is the portion of g contained in Yy, it holds that

F=/V-ds=fov-Ndo=2/a)-Ndo*=0,
Y0 A A

since @ is tangent to A. According to Thomson’s theorem, the circulation is
preserved along any material curve, so that, if y(¢) is the image of yy, it follows
that

/v-ds:/ va-Nd0=2/ w -Ndo = 0.
y(@) A() A(t)

Since A(t) is arbitrary, @ - N = 0 and the theorem is proved. O

The theorem can also be stated by saying that the vortex lines are constituted by
the same fluid particles and are transported during the motion. Examples include the
smoke rings, whirlwinds, and so on.
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9.4 Boundary Value Problems for a Perfect Fluid

The motion of a perfect compressible fluid S subjected to body forces b is governed
by the momentum equation (see (9.18))

1
VZ—;me+b (9.28)

and the mass conservation
o+ pV.-v=0. (9.29)

Equations (9.28) and (9.29) are a first-order system for the unknowns v(x, ¢) and
p(x,t) and, to find a unique solution, both initial and boundary conditions have to
be specified.

If we consider the motion in a fixed and compact region C of the space, (e.g., a
liquid in a container with rigid walls), the initial conditions are

v(x,0) =vox),  px,0)=p(x) VxeC, (9.30)
and the boundary condition is
v-N=0 VxedC, t>0. 9.31)

This boundary condition states that the fluid can perform any tangential motion
on the fixed surface, whose unit normal is N.

The problem is then to find in C X [0, ] the fields v(x, ?) and p(x, t) that satisfy
the balance equations (9.28), (9.29), the initial conditions (9.30), and the boundary
condition (9.31).

If the fluid is incompressible (p = const), then the Eq. (9.28) becomes

1
V=—-Vp+b, 9.32)
o

while the mass conservation (9.29) leads us to the condition
V-v=0. (9.33)

The unknowns of the system (9.32) and (9.33) are given by the fields v(x,¢) and
p(x,t), and the appropriate initial and boundary conditions are

v(x,0) = vp(x) Vx e C,
v-N=0 Vx e dC,t>0. (9.34)
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A more complex problem arises when a part of the boundary is represented by
a moving or free surface f(x,t) = 0. In this case, finding the function f is a
part of the boundary value problem. The moving boundary dC’, represented by
f(x,t) = 0, is a material surface, since a material particle located on it has to
remain on this surface during the motion. This means that its velocity cy along the
unit normal N to the free surface is equal to v - N; that is, f(x,?) has to satisfy the
condition (see (4.33))

%f(x,t)—i—v(x,t)-Vf(x,t) = 0.

In addition, on the free surface it is possible to prescribe the value of the pressure,
so that the dynamic boundary conditions are

ad
S fO0) V(D) -V f(x.1) = 0.
P = De Vx e dC’', >0, (9.35)
where p, is the prescribed external pressure.
On the fixed boundary part, the previous impenetrability condition (9.32) applies,

and if the boundary C extends to infinity, then conditions related to the asymptotic
behavior of the solution at infinity have to be added.

9.5 2D Steady Flow of a Perfect Fluid

The following two conditions define an irrotational steady motion of an incompress-
ible fluid S:

Vxv=0, V.v=0, (9.36)

where v = v(x). The first condition allows us to deduce the existence of a velocity
or kinetic potential ¢(x) such that

v = Vo, 9.37)

where ¢ is a single- or a multiple-valued function, depending on whether the motion
region C is connected or not.'

'If C is not a simply connected region, then the condition V Xv = 0 does not imply that /y v-ds =
0 on any closed curve y, since this curve could not be the boundary of a surface contained in C. In
this case, Stokes’s theorem cannot be applied.
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In addition, taking into account (9.36),, it holds that
Ap =V - -Vp =0. (9.38)

Equation (9.38) is known as Laplace’s equation and its solution is a harmonic
function.

Finally, it is worthwhile to note that, in dealing with a two-dimensional (2D) flow,
the velocity vector v at any point is parallel to a plane & and it is independent of
the coordinate normal to this plane. In this case, if a system Oxyz is introduced,
where the axes x and y are parallel to 7 and the z axis is normal to this plane, then
we have

v = u(x, )i+ v(x, y)j.

where u, v are the components of v on x and y, and i, j are the unit vectors of these
axes.

If now C is a simply connected region of the plane Oxy, conditions (9.36)
become

du v du v
-——+—=0, —+ —=0. 9.39
dy + ox ax + dy ©-39)
These conditions allow us to state that the two differential forms w; = udx + vdy
and w, = —vdx + udy are integrable, i.e., there is a function @, called the velocity
potential or the kinetic potential, and a function v, called the stream potential or
the Stokes potential, such that

do = udx + vdy, dy = —vdx + udy. (9.40)

From (9.37) it follows that the curves ¢ = const are at any point normal to the
velocity field. Furthermore, since Vo - Vi = 0, the curves v = const are flow
lines.

It is relevant to observe that (9.40) suggest that the functions ¢ and ¥ satisfy the
Cauchy—Riemann conditions

Yo _ v e _ W

= , = , 9.41
ax ay dy ax ©4D)
so that the complex function
F@) =o(x.y) +iy(x.y) (9.42)

is holomorphic and represents a complex potential. Then the complex potential
can be defined as the holomorphic function whose real and imaginary parts are the
velocity potential ¢ and the stream potential ¥, respectively. The two functions ¢
and ¥ are harmonic and the derivative of F(z),
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VEF’(z):a—(p+ia—l//=u—iv=|V|e_59, (9.43)
ox ox

represents the complex velocity, with |V | being the modulus of the velocity vector

and 0 the angle that this vector makes with the x axis.

Within the context of considerations developed in the following discussion, it
is relevant to remember that the line integral of a holomorphic function vanishes
around any arbitrary closed path in a simply connected region, since the Cauchy—
Riemann equations are necessary and sufficient conditions for the integral to be
independent of the path (and therefore it vanishes for a closed path).

The above remarks lead to the conclusion that a 2D irrotational flow of an
incompressible fluid is completely defined if a harmonic function ¢(x,y) or a
complex potential F(z) is prescribed, as it is shown in the examples below.

Example 9.1. Uniform motion. Given the complex potential
F(z) = Up(x +iy) = Upz, (9.44)
it follows that V' = U, and the 2D motion
v = Ui (9.45)

is defined, where i is the unit vector of the axis Ox. The kinetic and Stokes potentials
are ¢ = Upx, ¥ = Upy, and the curves ¢ = const and y = const are parallel
to Oy and Ox (see Fig. 9.4), respectively. This example shows that the complex
potential (9.44) can be introduced in order to describe a 2D uniform flow, parallel
to the wall y = 0.

Example 9.2. Vortex potential. Let a 2D flow be defined by the complex potential

F(2) L e = Lol (9.46)
=—1l—Inhz=—1—Inre”" = —0—1—1Inr, .
z 2 . 2 2 2

ffffff level lines of ¢
level lines of y

Fig. 9.4 Uniform motion
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level lines of @
””” level lines of

Fig. 9.5 Vortex potential

where r, 6 are polar coordinates. It follows that

r r y
¢ = —0 = — arctan —,
2 2 X
= —ji—1Inr = —— In(x? 2,
v 12]_[ nr yp n(x” + y°)

and the curves ¢ = const are straight lines through the origin, while the curves
Y = const are circles whose center is the origin (see Fig. 9.5).
Accordingly, the velocity components become

g r y I' sinf
=== == ——
ox 27 x2 + y? 2
_ g r X I' cos6

V_ayzﬁxz—i—yz_g r

It is relevant to observe that the circulation around a path y bordering the origin

is given by
[V-ds =T,
¥

so that it does not vanish if I' % 0. This is not in contradiction with the condition
V x v = 0 since the plane without the origin is no longer a simply connected
region. In Sect. 9.7, further arguments will be addressed in order to explain why the
circulation around an obstacle does not vanish in a 2D flow.
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The complex potential (9.46) can then be used with advantage to describe the
uniform 2D flow of particles rotating around the axis through the origin and normal
to the plane Oxy.

Example 9.3. Sources and sinks. For pure radial flow in the horizontal plane, the
complex potential is taken:

Fo=Zme=Linre’ = Lnr+i0),  0>o0.
2w 2w 2

so that

0 0 2 2 0 0 y
=—Inr=-—1 , = —0 = — arctan —.
p=5_Inr=_= og(x” 4+ y°) ) 5 - arotan =

The curves ¢ = const are circles and the curves Y = const are straight lines

through the origin. The velocity field is given by
Y

vV=_—¢,,
2nr
where e, is the unit radial vector (see Fig. 9.6). Given an arbitrary closed path y
around the origin, the radial flow pattern associated with the above field is said to
be either a source, if

/V-nd0=Q>0, (9.47)

Y

or asink, if Q < 0. The quantity Q /2 is called the strength of the source or sink.

level curves of ¢
****** level curves of y

Fig. 9.6 Sources and sinks
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level curves of ¢
****** level curves of y

Fig. 9.7 Doublet

Example 9.4. Doublet. A doublet is the singularity obtained by taking to zero the
distance between a source and a sink having the same strength. More precisely,
consider a source and a sink of equal strength, the source placed at the point 4, with
71 = —ae'®, and the sink placed at B, with z, = ae’®. The complex potential for
the combined flow is then

F(z) = % In(z + ae'®) — % In(z — ae'®) = f(z,a). (9.48)

The reader is invited to find the kinetic and Stokes potential (see Fig. 9.7).
If points A and B are very near to each other, i.e., a =~ 0, it follows that

F@) = f@0) + £/ 0a = 2 Lo,
T Z

In particular, if @ — 0, so that Qa/m — m, then we obtain the potential of a doublet
(source—sink):

FQz) = %ei“. (9.49)

Furthermore, if « = 0, e.g., if the source and the sink are on the x axis, then

m mx m
Fiz)=—= 4

= —i = j 9.50
: X2+ 242 vy 020

and the flow lines ¢ = const are circles through the origin.
Example 9.5. Consider the 2D flow with complex potential

anz

Z

F(z) = Uyz +

9.51)



268 9  Fluid Mechanics

Fig. 9.8 Flow around a cylinder relative to potential (9.51)

i.e., the flow is obtained as the superposition of a uniform flow parallel to the x
axis (in the positive direction) and the flow due to a dipole (source—sink) system of
strength m = Upa®. Assuming z = x + iy, then from (9.51) it follows that

a2 a2
:U 1 _— s :U 1_— .
v Ox( +x2+y2) B Oy( x2+y2)

The flow lines ¥ = const are represented in Fig. 9.8 (for Uy = a = 1).

Note that the condition x> + y> = a? corresponds to the line ¥ = 0.
Furthermore, if the region internal to this circle is substituted with the cross section
of a cylinder, (9.51) can be assumed to be the complex potential of the velocity field
around a cylinder. The components of the velocity field are given by

p 2 2 2

u:—(p:UO S = U, 1— L cos26 ,
ax r4 r2

2

dp as
= 5 = —Uoﬁ sin 26.

v

It should be noted that, although singular points associated with a doublet do not
actually occur in real fluids, they are interesting because the flow pattern associated
with a doublet is a useful approximation far from singular points, and it can be
combined to advantage with other nonsingular complex potentials.

Example 9.6. All the previous examples, with the exception of Example 9.2,
refer to 2D irrotational flows whose circulation along an arbitrary closed path is
vanishing. We now consider the complex potential

Uya?

T
F(z) = Upz + +i—1Inz (9.52)
2

0
Z
This represents a flow around a cylinder of radius a obtained by superposing a
uniform flow, a flow generated by a dipole, and the flow due to a vortex. The dipole
and the vortex are supposed to be located on the center of the section. In this case,
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1
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-1
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v

2 -1 0 1 2

Fig. 9.10 Flow around a cylinder relative to potential (9.52) if 2 = 16712a2U02

according to (9.47), the vorticity is I', and the vortex can be supposed to be produced
by a rotation of the cylinder around its axis. Flow lines are given by the complex
velocity

=9 _ua a2)+' r
= — = - =) +i—.
dz 0 72 277

In order to find stagnation points (V = 0), we must solve the equation d F/dz = 0.
Its roots are given by

Zy=0 =

(—iF +\/(16Un%a? - FZ)) . (9.53)

4U()T[
Three cases can be distinguished: I’ < 16712a2U02, 2= 16712a2U02, and T2 >

16712a2U02, whose corresponding patterns are shown in Figs. 9.9, 9.10, and 9.11
(assuming Uy = a = 1).

At this stage the reader should be aware that these examples, although of practical
relevance, are based on equations of steady-state hydrodynamics, which in some
occasions give rise to inaccurate or paradoxical results. As an example, in the next
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Fig. 9.11 Flow around a cylinder relative to potential (9.52) if T'2 > 1672a*U¢

section we will analyze D’Alembert’s paradox, according to which the drag of a
fluid on an obstacle is zero. In order to remove this paradox, it will be necessary to
introduce a boundary layer within which viscosity cannot be disregarded.

9.6 D’Alembert’s Paradox and the Kutta—Joukowsky
Theorem

In spite of the attractive results obtained in the previous section, the assumption of
a perfect fluid cannot be used to explain some important phenomena occurring in
fluid dynamics.

In particular, the condition v-n = 0 assumed on the boundary dC means that
the fluid is free to move with respect to the wall boundary, while there is actually
no relative movement and the appropriate boundary condition on dC should be
v = 0. It has also been shown that, when considering the irrotational steady flow of a
perfect fluid, the motion is described by a velocity potential ¢ that is the solution of a
Neumann’s problem for Laplace’s equation. It follows that the boundary condition
v = V¢ = 0 on dC, appropriate for a real fluid, is a redundant condition, not
admissible for Laplace’s equation.

This example is just one of the contradictions arising when dealing with inviscid
fluids. The aim of this section is to discuss the most relevant of these.

Let V be a fixed (nonmaterial) volume. Then the momentum balance equation is
written as

d
—/pvdc:/ (T—pv®v)-Nd0+/pbdc. (9.54)
dt Jy v 14

If a fixed solid S of volume C is placed in a steady flow of an incompressible fluid,
then Eq. (9.54) allows us to find the drag on S, assuming that b = 0. Since the
flow is steady, the left-hand side of (9.54) vanishes; furthermore, if A is the region
bounded by the surface dC of the solid and an arbitrary surface X that contains C
(see Fig. 9.12), then by recalling that v-n = 0 on dC, we find that



9.6 D’Alembert’s Paradox and the Kutta—Joukowsky Theorem 271

X >
14

Fig. 9.12 Flow around an obstacle

/ T-Nda—i—/(T—pv@v)-Ndo:O.
ac b

The first integral is just the opposite of the force F acting on S, so that the previous
relation becomes

F = /(T—pv@v)-Nda. (9.55)
p)

From similar arguments it can be proved that the torque of the force acting on S
with respect to a pole O can be obtained from (5.30), so that

M0=/rx(T—pv®V)-Ndo. (9.56)
b

At this stage we recall the following theorem of the potential theory, without a proof.

Theorem 9.6. If in the region surrounding a solid C an irrotational flow of an
incompressible fluid satisfies the condition

lim v=YV,
r—>00

where V is a constant vector (representing the undisturbed motion at infinity) and r
is the distance of any point from an arbitrary origin, then the velocity field assumes
the asymptotic behavior

v=V+ 0. (9.57)

In a 2D motion, (9.57) can be replaced by the following relation:

v=Vi+ (—yi+ xj) + 0(r™>), (9.58)

2mr?
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where i and j are the unit vectors of the axes Ox and Oy, iis parallel to V, and the
circulation

I‘=¢v-ds (9.59)

refers to any closed path surrounding the solid body.

Note that in two dimensions the condition V x v = 0 does not imply that
I' = 0, since the region surrounding the obstacle is not simply connected. However,
by applying Stokes’s theorem, it can be proved that I" assumes a value which is
independent of the path.

By taking into account the asymptotic behavior (9.57) and Bernoulli’s
theorem (9.24), where U = 0 in the absence of body forces, we find that

1
p=rpo+ Ep(V2 —?) = po + O(r™), (9.60)

where py is the pressure at infinity. Substituting T-N = [—po+0(r~*)]N into (9.55)
gives

F = —/(pol—pV ® V)Ndo + / o(r73)do,
by p)
so that, assuming that the arbitrary surface ¥ is a sphere of radius R, we have
F=—(pl—pV® V)/ Ndo + O(R™). (9.61)
b

Finally, by applying Gauss’s theorem to the right-hand side, we find that
F =0,
i.e., the irrotational flow of a perfect fluid gives zero drag on any obstacle placed in

a fluid stream (D’Alembert’s paradox).
In a 2D motion, from (9.58), we have

r
V=V —V—y+007).
wr
Substituting into Bernoulli’s theorem instead of (9.60), we get

1 T _
P=pot5p—syV + 007 (9.62)
Tr
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By combining with (9.55), the force acting on the obstacle assumes the expression
F = —(po—i—pl/z)if Nxdl—poj/ N, dl
b b

r
— —Vj | N, +yN,)dl
27R? J[z(x )

r
— 5 Vi x—xN “2)dl,
2nR2V1/Z(yN x y)dl+/;0(r )dl

where ¥ is now a circle of radius R surrounding the body C. Since integrals

/Nxdl, /Nydl,
2 )

vanish, the previous expression becomes

r

. ro. )
F = _27[R2 V‘]/;(XNX +yN})dl — WVI/;:(J}N‘( —XN))dl + 0(7' ),

In addition we have (xNy 4+ yN,) = R-N = R and (YN, —xN,) = 0, so that the
Blasius formula

F = —pI'Vj (9.63)

is obtained.

This formula shows that although a steady flow of an inviscid fluid predicts no
drag on an obstacle in the direction of the relative velocity in the unperturbed region,
it can predict a force normal to this direction. This is a result obtained independently
by W.M. Kutta in 1902 and N.E. Joukowski (sometimes referred as Zoukowskii) in
1906, known as the Kutta—Joukowski theorem. Such a force is called lift, and it is
important for understanding why an airplane can fly.

Before closing this section, we observe that our inability to predict the drag for an
inviscid fluid in the direction of relative velocity does not means we should abandon
the perfect fluid model. Viscosity plays an important role around an obstacle, but,
far from the obstacle, the motion can still be conveniently described according to
the assumption of an inviscid fluid.

9.7 Lift and Airfoils

A lifting wing having the form of an infinite cylinder of appropriate cross section
normal to rulings, is usually called an airfoil.

Airplane wings are obviously cylinders of finite length, and the effects of
this finite length have an important role in the theory of lift. Nevertheless, even
considering an infinitely long cylinder, essential aspects of lift can be identified.
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Fig. 9.13 Flow around an airfoil

First, we must justify a nonvanishing circulation around a wing. To do this,
consider a wing L of section S and the fluid motion around it, described by the
complex potential (9.51) at time fy. Let y be any material curve surrounding the
wing (see Fig. 9.13).

In the region R? — S, the motion is assumed to be irrotational with the exception
of a small portion A U d, near the wing, whose presence is justified by the
following arguments: viscosity acts in a boundary layer A just around the wing
and it produces a vortex of area d at the point A. This vortex grows away from
the wing and disappears into the fluid mass, but it is continuously generated. The
material curve y is assumed to be large enough to contain S at any instant 7. Since
in the region R?> —S U A U d, which is not a simply connected region, the motion is
irrotational, Thomson’s theorem implies that the circulation on y is zero at any time.
Furthermore, by applying Stokes’s theorem to the region bounded by the oriented
curves y, 1, and y,, we see that the circulation on y; must be equal and opposite to
the circulation on y,. At this stage, it becomes useful to transform the flow field we
are dealing with into another flow field which is easier to determine. For this reason,
we recall the definition of conformal mapping together with some other properties.
If a complex variable w is an analytic function of z, i.e., w = ®(z), then there is a
connection between the shape of a curve in the z plane and the shape of the curve in
the w plane, as a consequence of the properties of an analytic function. In fact, the
value of the derivative is independent of the path the increments dx and dy follow
in going to zero. Since it can be proved that this transformation preserves angles and
their orientation, it is called conformal mapping.

As already shown in Sect. 9.5, the flow around a given profile can be described
through a convenient complex potential. The simplest wing profile was suggested by
Joukowski. It is obtained from the complex potential F(¢) of the motion around a
circular cylinder (Example 9.5) in the plane { = £ 4 i 7, by means of the conformal
mapping z = x + iy = D({).

Note that lift can occur if there is an asymmetry due either to the asymmetry of
the body or to a misalignment between the body and the approaching flow. The angle
of misalignment is called the angle of attack. The angle of attack to the cylinder
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Fig. 9.14 Geometry of the airfoil

of the velocity vector is denoted by ¢, as shown in Fig. 9.14, and the motion is
supposed to be described by the complex potential

2
F() =U, [(; ~bei®) i 4 (;_bzm} . (9.64)

It is obtained from the potential introduced in Sect. 9.5, Example 5, i.e., F({') =
Uo (L' 4a?/¢'), by applying the transformations ' — ¢” = {'e!¥ — ¢ = " +be'?,
corresponding to a rigid rotation ¢ of the axes and a rigid translation of the origin
into be'”.
Joukowsky’s transformation is defined as
12

=00 =0+ T (9.65)
which is conformal everywhere, with the exception of the origin, which is mapped to
infinity. The inverse transformation cannot be carried out globally, since from (9.65)
it follows that

g_zi«/z2—4l2

It can also be proved that the region external to the circle y of radius «a is in one-to-
one correspondence with the region external to the curve given by the image I" of
the circle y.

As a consequence, Joukowsky’s conformal mapping allows us to define, in the
region external to I', a new complex potential

F(z) = F(®7'(2))

which describes the motion around the profile I'. Such a profile, provided that the
parameter / is conveniently selected, is the wing shape in Fig. 9.14. In particular, the
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point 7'(, 0) in the plane (&, 77), corresponding to the sharp trailing edge, is mapped
into 7'(21,0) in the plane (x, y). This point is singular for the derivative d F /d ¢

of (9.64), since
dF dF de
(d_z)z=(21.0) - (d_é‘){:(l.O) (d_z)z=(21,0)
dF 1
B (d_§)5=(1,0) (dz/d8)c=q.0)

B (dﬁ) 1
=57 —
¢ )cuo (1—?2

)§=(1,0)

A nonvanishing circulation around the wing is justified by Joukowsky assuming that
the velocity has a finite value at any point.

In order to satisfy this condition, Joukowsky introduces the complex potential
due to the circulation (see Example 6 in Sect. 9.5), so that the velocity is zero at 7”.
The complex potential F(z), due to the superposition of different contributions, is
then given by

)

_ heit) p—i
ro=[senen s ot ] L w0

(¢ —bei?) e~y 2 a
(9.66)
where ¢ and z correspond to each other through (9.65). Figure 9.15 shows
streamlines around the cylinder obtained by considering the real part of the right-
hand side of (9.66), i.e., the kinetic potential ¢ (&, 17). Figure 9.16 shows the wing
profile and the related streamlines.
The complex velocity at 77(2/, 0) in the z plane is

Ca Capn
dz ) ,— @10 g ¢=(1.0) dz

Fig. 9.15 Flow around a cylinder
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1.5

Fig. 9.16 Flow around the airfoil

dz
(dF/dz) i ) the derivative (dF/d §)( o) needs to vanish. This condition is satisfied
by observing that

dF : a’e'v r 1
= U, L —  — ——, 9.67
dt 0|:e ({—bei9)2:| +l2n§‘—be’9 ©-67)

Since (§>(2zo = 1/(1 = 1?/t%¢=q0) = oo, to obtain a finite value of

and from Fig. 9.14 it also follows that { — be'? = ¢ — I + ae!™=P); therefore, when
¢ =1, from (9.67) we deduce that

Up (1 — e 21r=hrt2ie) i L min—pr+ie _ ¢
2ra

Equating to zero both the real and imaginary parts, we get the value of I':
I' = —4ralUpsin(r — B — @) = dwalUysin (B + ¢), (9.68)

which depends on the velocity of the undisturbed stream, on the apparent attack
angle ¢, and on B. The last two parameters define the dimension and curvature of
the wing profile, given a and Uj.

Increasing the angle of attack of an airfoil increases the flow asymmetry, resulting
in greater lift. Experimental evidence shows that if the total angle of attack ¢ +
reaches a critical value, the airfoil szalls, and the lift drops dramatically.

There are three programs attached to this chapter: Wing, Potential, and
Joukowsky. The program Wing gives the curve I in the plane z corresponding to
the circle of unit radius through Joukowsky’s map.

The program Potential provides a representation of the streamlines corre-
sponding to a given complex potential F(z).

Finally, the program Joukowski gives the streamlines around a wing, allowing
changes of the angle of attack as well as the coordinates of the center of the cylinder.
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9.8 Newtonian Fluids

The simplest assumption, that the difference between the stress in a moving fluid and
the stress at equilibrium is linearly related to the rate of deformation tensor, is due
to Newton (1687). The 3D case was studied by Navier (1821) for an incompressible
fluid, and later by Poisson (1831) for the general case.

Due to these contributions, we have that the constitutive equations of a linear
compressible or incompressible viscous fluid (see Sect. 7.3), respectively are

T =[-p(p) + 2 (p)Ip]1+ 2 (p) D, (9.69)
T = —pI 4 2uD. (9.70)

If (9.69) is introduced into (5.30);, the Navier-Stokes equation
pv=pb—Vp+V(AV-v)+V-Q2uD) 9.71)

is obtained. Consequently, for a compressible viscous fluid we must find the fields
v(x,t) and p(x, t) which satisfy the system

pv=pb—Vp+ VAV .v)+V.Q2uD),

9.72
p+pV-v=0, ©-72)

in the domain C occupied by the fluid, as well as the boundary condition on a
fixed wall
v=20 on 0C (9.73)
and the initial conditions
p(x,0) = po(x), Vv(x,0) = vo(x) Vx € C. 9.74)

For the case of an incompressible fluid, for which p = const, u = const,
V-.-v=0,and

2V-D=Av+V(V-v) = Ay,

Eq. (9.71) becomes
) 1
v=b—-Vp+vAy,
P

where v = /p is the coefficient of kinematic viscosity.



9.9 Applications of the Navier—Stokes Equation 279

Then the problem reduces to finding the fields v(x,¢) and p(x,?) that satisfy
the system

. 1 u
v=b—--Vp+4+ —Av
P P

V-v=0, (9.75)
the boundary condition (9.73), and the initial condition

v(x,0) = vo(x) VxeC.

9.9 Applications of the Navier-Stokes Equation

In this section we consider a steady flow of a linear viscous fluid characterized by a
velocity field parallel to the axis Ox in the absence of body forces.

If Oy and Oz are two other axes, which together with Ox form an orthogonal
frame of reference, then

v =v(x,y,2i, (9.76)

where i is the unit vector associated with the Ox axis. The introduction of (9.76)
into (9.75) gives

av 1dp

ad -2 BEA,y,
8xv+p8x Y
a
O _ 0 _,,
dy 0z
3v_0
ox

These equations imply that

p=pkx), v=1(y,2),

so that the pressure and the velocity field depend only on x and on y, z, respectively.
It follows that they are both equal to the same constant A:

ap w > v
ox P ) (By2 + 812) ©-77

The first equation tells us that p is a linear function of x, so that if py and p; are the
values at x = 0 and x = [, it follows that

_ P1— Po
[

X+ po. (9.78)
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Therefore, (9.77), becomes

v 9%y _ P1— Do
ayr = 9z2 ol

(9.79)

We integrate (9.79) when v = v(y) and the fluid is confined between the two
plates y = 0 and y = h of infinite dimension, defined by y = O and y = h.
Moreover, the second plate is supposed to move with uniform velocity V' along Ox
and py, p; are supposed to be equal. We have

v=ay+b,
where a and b are constant. If there is no relative slipat y = O and y = £k, i.e.,
v(0) =0, v(h) =V

we get

= —Jy. .80
V=g (9-80)

Now, a flow in a cylinder with axis Ox is taken into account. In cylindrical
coordinates (r, ¢, x), defined by

y2+ 72 (pzarctan£ X =x
y

provided that v(y, z) = v(r), Eq. (9.79) can be written as

d dv P1— Do
—r—) = , 9.81
dr (r dr) ul " ©81)
and the integration gives
y=P17P02 4 Alogr 4 B, (9.82)
4l

where A and B are arbitrary constants. The condition that v has a finite value at
r = 0 requires A = 0. Furthermore, the adhesion condition v(a) = 0, where a is
the radius of the cylinder, leads to

P — Do a2
4/1,1

so that (9.82) becomes

Pl Po

i — Gt -dd. (9.83)
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The solution (9.83) allows us to compute the flux Q across the tube:

4Po— D1

84
S (9.84)

a
0 =p/ V2rrdr = mpa
0

Formula (9.84) is used to determine the viscosity p, by measuring Q, p; — po, and
the mass density of the fluid.

9.10 Dimensional Analysis and the Navier—Stokes Equation

It is well known that dimensional analysis is a very useful technique in modeling a
physical phenomenon. By using such a procedure, it can be proved that some terms
of the Navier—Stokes equation can be neglected with respect to other terms, so that
the complexity of the equation is reduced.

For instance, the term Vp/p in Eq. (9.75) cannot be compared with vAv,
since their order of magnitude is not known a priori. To make this comparison
possible we must introduce suitable reference quantities. If, for sake of simplicity,
our attention is restricted to liquids, i.e., to Eq. (9.75), a characteristic length L and a
characteristic velocity U are necessary. As an example, for a solid body placed in a
moving liquid, L can be identified with a characteristic dimension of the body? and
U with the uniform velocity of the liquid particles that are very far from the body.
In any case, both L and U have to be selected in such a way that the dimensionless
quantities

r'r=—, 71=—— (9.85)

have the order of magnitude of unity. It follows that

V= %—FV-VV: L/LUaBVt +UTZV*-V*V*,
lyp = LV*p,
P pL
VAV = vA*V,
V.v= EV* V¥,
L

where the derivatives appearing in the operators V*, V*. and A* are relative to
the variables (x*, y*, z*) = r*. The substitution of these relations into (9.75), after
dividing by U?/L, leads to

2In the 2D case, L can be a characteristic dimension of the cross section.
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1 v
ok - _ V* _A* >|<7
v _pU2 p+ UL v

V*.v* =0. (9.86)

If the quantity pU? is assumed to be a reference pressure, then the introduction of
the dimensionless pressure

* p

= 9.87
p U2 9.87)

allows us to write the system (9.86) in the form

R )
V*.v* =0, (9.88)
where the dimensionless quantity
UL
R=—"— (9.89)
v

is known as the Reynolds number .

We are now in a position to note that the quantities v*, V* p, and A*v* in (9.88)
are of the order of unity, whereas the term which multiplies the Laplacian on the
right-hand side can be neglected for large values of R, i.e., for low viscosity.

In addition, it can be noted that the solution of (9.88) is the same for problems
involving the same Reynolds number. This conclusion allows us to build physical
models of the real problem in the laboratory by conveniently choosing parameters
U, L, and v in order to preserve the Reynolds number (scaling).

If R — oo, then Eq. (9.88) reduce to dimensionless equations of a perfect liquid.
But care must be used in stating that (9.88) can be applied at any point of the domain.
In fact, when R — oo, Eq. (9.88) are not compatible with the boundary condition
v* = 0, so that they can be used in the whole domain, with the exception of a narrow
region around the body. In this region, which is called the boundary layer, (9.88)
still applies, because of the influence of viscosity.

9.11 Boundary Layer

In the previous section, the boundary layer has been defined as the thin layer in
which the effect of viscosity is important, independent of the value of the Reynolds
number. This definition derives from the hypothesis, introduced by Prandtl (1905),
that viscosity effects are important (that is, comparable with convection and inertia
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terms) in layers attached to solid boundaries whose thickness approaches zero as the
Reynolds number goes to infinity, while the same effects can be neglected outside
these layers.

There are two specific aspects related to Prandtl’s hypothesis to be noted: first,
the fact that the boundary layer is thin compared with other dimensions allows us to
introduce some approximations in the motion equations. Second, in the boundary
layer the liquid velocity has a transition from the zero value at the boundary
(according to the no-slip condition) to a finite value outside the layer.

Accordingly, with these remarks, it is appropriate to search for the solution
of (9.75) in terms of a power series in the small parameter ¢ = 1/R, i.e.,

V=vy+vie+vel +---, (9.90)

where vy is the solution for perfect liquid. However, by substituting (9.90)
into (9.88), we see how this approach does not allow us to determine terms such
as vj, vy, ...since the parameter ¢ multiplies the highest derivatives. Therefore,
the need arises for a new perturbation method, called the method of singular
perturbations.

Before going into the details of the problem, we recall the basic ideas of both
regular and singular perturbation methods.

In modeling reality, it often happens that the effect to be described is produced
by a main cause and a secondary one, called a perturbation of the main cause.
For instance, the motion of a planet (effect) is primarily caused by its gravitational
attraction to the sun; however, the action of the heavier planets cannot be completely
neglected. In this case, when writing the equations mathematically describing the
phenomenon in nondimensional form, the term related to the secondary cause is
multiplied by a small dimensionless parameter &.

The regular perturbation method assumes that the solution of the perturbed
problem can be represented by a power series of €. Referring to (9.90), the term vy
is called the leading-order term, and, if the method works properly, it is the solution
of the unperturbed problem (in our example, it is the solution for the perfect liquid).

By substituting the power series expansion into the differential equations and
auxiliary conditions, we obtain a set of equations which allow us to determine
V1, Vp, €tC.

This procedure does not always give an approximate solution and its failure
can be expected when the small parameter ¢ multiplies the highest derivatives
appearing in the equations. In fact, in this case, setting ¢ equal to zero changes the
mathematical character of the problem. Related to this aspect, failures of the regular
perturbation method occur when the physical problem is characterized by multiple
(time or length) scales. It is just in these cases that the singular perturbation method
has to be applied.

According to Prandtl’s hypothesis, the solution of (9.75) changes rapidly in a
narrow interval or inner region, corresponding to the boundary layer, and more
gently in the outer region. It follows that in order to analyze the flow in the inner
region, a proper rescaling is necessary.
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Fig. 9.17 Boundary layer on a plate

The final step will be to match the inner and the outer solution, so that
an approximate solution uniformly applicable over the complete region can be
obtained.

For the sake of simplicity, the procedure will be applied below to a 2D flow,
parallel to Ox. The axis Ox is supposed to be the trace of a boundary plate, and,
due to symmetry arguments, the analysis will be restricted to the sector x > 0,
y =0.

Accordingly, the velocity field is expressed by

v = Ui, (9.91)

where U is a constant. Then, two reference lengths L and § are introduced,
together with two reference velocities U and €U, in order to take into account the
different changes of velocity components « and v along the x and y axes (Fig.9.17).
Furthermore, let

x=x*L, y=y"8, u=u"U, v=v*el. (9.92)

Equation (9.88) become

e (e
“ox Vay  pdy dx2  ay? )’
du  Jv
du Wy, 9.93
o T 3y (9.93)

which in dimensionless form are

U? Lou* U, u* Popt (U u* Uazu*)

Lo T 5 Vo T oo U\ T Raypm
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U% ,v*  U?e¢ , v* P dp* ) Ue 9*v* N Ue 9*v*
—Uu A\ = —— - _ ,
L ox* 8 ay* 08 dy* L2 0x*2 ~ §2 gy*2
U ou* Ue dv*
— — =0. 9.94
Lox T 5 aypr ©54)

By deleting starred symbols since there is no danger of confusion, the previous
system can be written in the form

8u+Le ou P 8p+ v 82u+ vL 0%u
“ox T8 ey T T pUox T ULOx2 T US2ay?
v  Le v P L dp v 0%y vL 3%
U+ Ve = — o — o+ ——
dx 5 dy pU2%2e5dy UL dx2  US? dy?
ou Le dv
— 4+ ——=0. 9.95
ox T 5 9y ©-95)

It can be noted that if the term €L /¢ is not on the order of unity, then either u is
independent of x, or v is independent of y. Neither of these possibilities has any
physical meaning, so it emerges that

— ~ 1. .
5 (9.96)

This conclusion allows us to write the system (9.95), assuming that P ~ pU 2 in
the form
ou ou ap 1 (8214 L? a2u)

" TV T T TR T e a2

8v+ 8v__L28p+ 1 82v+L282v
“ox Ty T Tsray T R\ax2 T 8292 )
du v
—+—=0. 9.97
T 9.97)

The first two equations show that the condition of preserving the viscosity effect
when R — oo requires that

x| -
B %
12
(s
(=)
12
sl-

(9.98)



286 9  Fluid Mechanics

and finally Eq. (9.97) become
ou n du ap n 1 %u n 9%u
U—+v—=—-—"—+——+ —,
ox dy dx  Rox%2  0dy?
1 av n av ap . 1 9% n 1 9%
—lu—+v— ——t ==+ =,
R\ ox dy dy  RZox2 Rdy?

ou v
— 4+ — =0. 9.99
e + oy ( )

We can now apply the perturbation theory, i.e., we can search for a solution in terms
of power series of the parameter 1/R. In particular, when R — oo the first term of
this series must satisfy Prandtl’s equations

ou  du ap  u

Ma—i-\/@:—a—i-w,
ad
w_y
dy
L (9.100)
ox Ay '

Equation (9.100), implies that p = p(x), so that the pressure assumes the same
value along the normal at (x, 0). In addition, since Bernoulli’s theorem (9.22) states
that in the unperturbed region the pressure is uniform, we conclude that the pressure
is uniform in the entire domain.

Equation (9.100); implies (see (9.40)) the existence of the Stokes potential
¥ (x, y), so that

oy _ 9y
ay’ YT T

and (9.100); becomes

2 2 3
W oy Wiy oy (9.101)
dy dxdy  dx 0y? dy3

This equation must be integrated in the region x > 0, y > 0 with the following
boundary conditions:
u=v=_0, ify =0;

lim u =1, lim v =0,
y—>00 y—>00



9.12 Motion of a Viscous Liquid Around an Obstacle 287

which, in terms of i, are

v =0, Peo=o,
dy

lim a—w(x y) = 1. (9.102)

y—>00

It can be noted by inspection that if 1 (x, y) is a solution of (9.101), then so is the
function

Y, y) =y (—, 1). (9.103)

I Cﬂ

Moreover, it can be proved that the functions satisfying (9.103) have the form

— Yy —
Yoy =7y (1,2) = X7 o,
x
The derivative of this function with respect to y is
Iy
dy
so that the condition (9.102); only holds for n = 1/2 and
Y(x,y) = Vxf ), (9.104)

where 7 = y/+/x. Substituting (9.104) into (9.101), and taking into account the
boundary conditions (9.102), we obtain the Blasius equation:

— x1—2nf/(n)’

2f"+ ff"=0 (9.105)
with the boundary conditions
fO) =0, f(0)=0. lim f'(n=1 (9.106)
n—00

The problem (9.105), (9.106), for which a theorem of existence and uniqueness
holds, can only be solved numerically. The pattern of the solution is shown in
Fig. 9.18 (see Exercise 3).

9.12 Motion of a Viscous Liquid Around an Obstacle

The aim of this section is to apply the previous results to the irrotational steady
motion of a viscous liquid around an obstacle of arbitrary shape.

According to the dimensional analysis of the Navier—Stokes equations,
when the Reynolds number R attains high values the assumption of a perfect
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Fig. 9.18 Blasius’ solution

incompressible fluid is justified in all the domain except for the boundary layer,
in which the viscosity is needed in order to satisfy the no-slip condition v = 0 at
the boundary. When integrating the motion equations in this layer, a problem of
singular perturbations arises, so that a convenient change of variables is required.
In particular, we introduce new variables £ and 7 such that

1. the curve n = 0 describes the profile of the obstacle;
2. curves § = const are normal to the obstacle;
3. the boundary layer is described by changing n from 0 to co.

For instance, in the previous example, the old dimensionless coordinates x and y
were replaced with x and y’ = y/(1/R). With this change, the straight line y = 0
gives the obstacle profile, the straight lines x = const are orthogonal to the plate
and, given the high value of the Reynolds number, if 0 < y < &, where § = L/v/R
is the thickness of the boundary layer, the variable y’ changes from 0 to VR — .

In the general case of a body S of arbitrary cross section, recalling that outside
the obstacle the model of a perfect liquid is applicable, we must find a complex
potential F(z) = ¢ + iy, where ¢(x, y) and ¥ (x, y) denote the kinetic and Stokes
potential, respectively. Then the curvilinear coordinates (¢, ¥)

© =o(x,y), 9.10
) G107

are introduced. Consequently, the family ¢ = const contains the profile of the
obstacle, whereas the curves ¥ = const are normal to them (see Fig. 9.19). In the
next step, we need to define new coordinates ¥* = /8, where § is an estimate of
the boundary layer thickness, and we need to write the motion equations in this new
coordinate system. In the final step, the perturbation method is applied in order to
obtain an approximate solution.
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Y =const.

Fig. 9.19 Curvilinear coordinates around an obstacle

Let F(z) = ¢ + iy be a complex potential for the field vy of the inviscid flow.
Then, the square of the infinitesimal distance between two points is written as®

|dF|>  de?+dy?

ds* = |dz|* = = . (9.108)
F'@QPF o | .ov]?
F@F [ 2]
By taking into account of (9.43), the previous expression becomes
de? + dy? 1
ds? = sz = S (d¢* + dy?), (9.109)
[u0 — Vol Vo

where 1, and v are the components of v, and vy = |v|.

From (9.109), the following expressions can be derived (the reader should refer
to (2.61)—(2.63)):

af, . of .
Vf=w (%% + wlv,) , (9.110)
w:%va
_ Lol v\ _ 9 (e =
_2v0[8¢(vO) o (vo)]k_wk, ©.111)

3We recall that the derivative at zy of a function F(z) of a complex variable 7 is defined by
F(x— F
F'(%) = lim (@) = Flzo)
=20 Z—20
This limit must be independent of the path z — z and, in particular, if z = zyp 4+ Ax, it holds that

FQ—F) _ 0p 3V

S
Flzo) = Al)(IEO Ax dx ax



290 9  Fluid Mechanics

wa:vo( ) 9.112)

V.v= V2|: (v—") i(v—‘”)] (9.113)
0 I .

VX @ = oy, —viy), 9.114)

where v, and vy, are the dimensionless velocity components for the viscous flow, i,
and iy are the unit vectors tangent to the curves ¢ and y are variable, while k is the
unit vector normal to the plane of the motion.

Assuming that the viscous liquid is incompressible and the motion is
steady, (9.88) becomes

v:-Vv = —-Vp 4 €Ay,
V.v=0, 9.115)

where, as usual, € = 1/R. In addition, from (4.18) it follows that

v-Vv = %sz—vaw, (9.116)
and, since V-v =0,
Av=V(V-v) = VXV xv=-2Vxw;
Eqg. (9.115) become

1
EVVZ —2¥Xx®w = —-Vp—2eVxw,

V.-v=0. (9.117)

By taking into account (9.110)—(9.114), it can now be proved that the previous
equations assume the form

9 (V243 9 9
Vo— ( ¢ ]/I) —2\11/,(1) = —Vo—p —26\/0—0)
dg 2 ¢

2

(V_W) + % (Vi) —o. (9.118)

8 V + Vv, op dw
— + 2V, = —vo— + 2evg—,
"oy ¢
0
dp
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Finally, by introducing the quantities

v, V\/,
Wy = i Wy = 9.119)
we get
0wy, 0wy
— 4+ — =0, 9.120
o ( )
aw(p ow,
Wy —— 90 + Wy —— oy +(w +w,/,)—logv0 (9.121)
_Lap Pw,  Pwy, 0 owy 0w,
= —2—logvy [ =L — 22|,
a¢+€[a<p2 T "y gv"( a9 8vf)}
Iwy ow )
Wy 8 + wy—— P +( +w]/,) wlogvo (9.122)
1 82 02 0 0
- 1% Ww+ NP LAY
vg 0y dp? 9y de d oy

Equations (9.120), (9.122), and (9.123) form an elliptic system for the unknowns
wo (@, ¥), wy (@, ¥), and p(@, ), since the solution vy, which refers to the problem
of an inviscid liquid, has been supposed to be known.

Boundary conditions related to this system are the no-slip condition on the
boundary of the obstacle and the condition that at infinity the velocity is given by
Vvoly . Noting that the profile of the obstacle is defined by ¢; < ¢ < ¢, ¥y = 0
(see Fig. 9.19), we obtain

W (9,0) = wy(9,0) =0, ¢ <@ < ¢, (9.123)
‘ﬂ“//lglwowqJ =0, Wplﬂoow‘/’ =1 (9.124)

The pressure py relative to the inviscid motion is given by Bernoulli’s theorem.
In fact, at infinity the velocity value is unity and the pressure is zero, so that

1
po= (- v3). (9.125)

As seen in the previous section, in the Eqgs. (9.120), (9.122), and (9.123) a small
parameter € appears, where it multiplies the highest derivatives. Consequently, here
again we introduce two expansions of e: the first one valid far from the obstacle
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(outer solution), and the second one applicable near to the obstacle (inner solution).
The second expansion must satisfy the system (9.120), (9.122), and (9.123),
provided that it is written in convenient coordinates, which expand the boundary
layer and allow the velocity to change from zero to the value relative to the inviscid
motion.

More specifically, by taking into account (9.123), (9.124), and (9.125) the outer
solution can be given the form

ww zgw((pl)_i_... s

1)
L+ ewy) +-on

Wy

1
p=30 —3) +epV .- (9.126)

Furthermore, the convenient variable for expanding the boundary layer is

_ ¥
 Ae)’

Vs 9.127)

where A(e) is a function of €, determined in the following discussion.
In order to write (9.120), (9.122), and (9.123) in terms of the new variables ¢ and
V4, we observe that

o 1 9
W Ae) 0y
& 1P

W Ae) dyF
Consequently, by using the notation

W(p(w? W) = W;((p7 Ir//*)»
W‘/f((p? W) = W;((p7 1//*)»
ple.¥) = p*(¢. ¥,

the system (9.120), (9.122), and (9.123) is written as

oy 1 g
dop  Ale) Iy

=0, (9.128)
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aw* * *

Wy, 0 1 op*
w2+ w—+(*2+w )—logvoz——2p
dp o

3

30 T DO av (9.129)

32w; 1 82w; 2 9 8w:,‘, 1 Bw;
+ € + — —logvy | — — ,
dp?  A%e) IYy  Ale) dg ( dp  Ale) 3%)

ow’ wk ow* 1 1 9p*
*_ ¥ v v *2 s _ ap-
vt Ay O g gy e 2@ 0

9w 1 0w 9 ow™* 1 ow*
+e[ LA ‘”+2—1ogvo(—¢— "’) . (9.130)

d¢? A%(e) dy2 d¢p dgp A(e) 0«

If dwj/d¢p and aw:; /0¥« were of the same order, recalling that 1/A(e) goes
to infinity when ¢ —> 0, we see that the continuity equation would give
8w;/ dvs = 0, so that w,’; would be independent of ... Moreover, we have that
W;Z = 0 when ¥, = 0 for arbitrary ¢, so that we would have everywhere w:; =0,
despite the requirement that the component W;Z changes from zero at the boundary
to a finite value outside the layer.

Therefore, we need to have

W; :V,{/(p(QD,W*)‘i‘ s
p=pp. V) +-0,

so that the system (9.128), (9.130), and (9.130) is written as

O, Oy
Wy —o. 9.131
0V« ( )
L 0w, L Oy
Wo—— 90 +w ¢aw*
3 19p
) 2 ) _

[P 132 L0 oy 1 O,
‘192 T a0 aw 9o 2\ By T A v )|
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oW o
A (e)WWa—"’ + Ade)ivy 81/

*

11 9p
A( ) aw* V2 A(€) 0Ya

W‘// 1 azﬁ/w 0 Ww 1 aW:;
A 2—1 A(e)——= .
+6[ © %0 T aE avz T e 8\ AO%, T Ry,

+ (W + A ()W) ——

log vy = — (9.133)

On the other hand, it also holds that

3\10

vo(, ¥) = vo(g.0) + (W) AN
¥=0

= vo(p, 0)+A(€)(aw) Y + oo, (9.134)

where vo(@,0) is the velocity on the obstacle boundary for the inviscid flow.
Consequently, for e — 0, the following parabolic system is obtained:

I, Oy
Wy -0, 9.135
7. (9.135)

M, . O,  Wody 1 ap v,

2otV _ , 9.136
e T T de we O

ap
=0. 9.137
I ©-13D

The following boundary conditions

W (9. 0) = Wy (¢,0) =0, o1 < ¢ < ¢,
Wol@1, ¥x) = 1, (9.138)

are obtained by the velocity of the undisturbed motion ahead the obstacle.
The inner solution of (9.120), (9.122), and (9.123) must be compatible with the
outer solution, so that the additional requirements are

lim W, =1,p= —(1 — ). (9.139)

Y —>00

The boundary value problem (9.135)—(9.139) is very complex, so that it is not
surprising that a general solution is not yet available. When considering a 2D plate,
we find that the problem reduces to the system (9.100), which is the origin of the
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Blausius equation. We remark that the compatibility condition (9.139), allows us to
eliminate the pressure in (9.136), since

9.13 Ordinary Waves in Perfect Fluids

This section is devoted to wave propagation in perfect fluids. Two topics will be
addressed: first, waves are considered to be small perturbations of an undisturbed
state, corresponding to a homogeneous fluid at rest. This assumption allows us to
linearize the motion equations and to apply elementary methods (see remarks in
Sect. 8.6). Next, ordinary waves of discontinuity are analyzed, showing that the
propagation velocity has the same expression obtained by the linearized theory.
On the other hand, nonlinearity of the system influences the propagation of waves
whose pattern is different whether we consider a linear case or not. Finally, the last
section deals with shock waves in perfect fluids.

Consider a compressible perfect fluid at rest, with uniform mass density py, in
absence of body forces. Assume that the motion is produced by a small perturbation,
so that it is characterized by a velocity v and a density p that are only lightly different
from 0 and p,, respectively. More precisely, such an assumption states that quantities
vand o = p— p are first-order quantities together with their first-order derivatives.

In this case, the motion equations

pv = —=Vp(p) = —p'(p)Vp,
9.140
p+pV-v=0, ( )

can be linearized. In fact, neglecting first-order terms of |v| and o, we get

P'(p) = p'(po) + p"(po)o + -+,

= —_— — cv = N
p=0 o7 + v-Vo 3 +
a a
V= ad +v-Vv= Al ,
at
so that Eq. (9.140) become
av
o = —p'(po) Vo,
tileg
— +poV:-v=0. (9.141)
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Consider now a sinusoidal 2D wave propagating in the direction of the vector n
with velocity U and wavelength A:

2

A

. . 2w

v = asin (n-x—Ut),a=bsm7(n-x—Ut).

We want a solution of the previous system having this form. To find this solution,
we note that

v 2 2w do 27
Fri —TUacos T(n-x— Ut), T

2 2 2 2
V.v= Tnn-acos%(n-x—Ut), Vo = Tnnbcos%(n-x—Ut),

2
Ub cos Tn(n-x— Ut),

so that the system (9.141) becomes
poUa = p'(po)bn,
—Ub + ppa-n =0,
ie.,
(¢’ (po)n ® n— U?)Ia = 0,
(P'(po) —U)b = 0.
Assuming a reference frame whose axis Ox is oriented along n, we get
U =0, aln,
U==+p(p). a=an, (9.142)

where the eigenvalue 0 has multiplicity 2. Thus we prove the existence of dilational
waves propagating at a speed

U = v p'(po).

The velocity U is called the sound velocity, and the ratio m = v/U is known
as the Mach number. In particular, the motion is called subsonic or supersonic,
depending on whether m < 1 orm > 1.

Let S(t) be the wavefront of a singular wave for the nonlinear equations (9.107).
In order to find the propagation speed c, of S(t), the jump system associated
with (9.107) (see (4.38) and Chap. 8) can be written as

p(cy —vy)a = p’(p)bn,
(¢h —vp)b = pn - a, (9.143)
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where a and b refer to the discontinuities of the first derivatives of v and p,
respectively. By getting b from the second equation and substituting into the first
one, it follows that

(cn - Vn)za = p/(p)n(n . a)v
ie.,
(P (pn®@n—1I(c, —vy)*)a = 0. (9.144)

Equation (9.144) shows that the squares of relative velocity are equal to the
eigenvalues of the acoustic tensor

p'(p)n®n

and the discontinuity vectors a are the related eigenvectors. The relative advancing
velocity is

cn =vy £ VP (p), a = an, (9.145)

so that, if the undisturbed state is at rest, the same result (9.142), is obtained.

Exercise 9.1. Starting from Eq. (9.72), we leave the reader to prove that in an
incompressible viscous fluid no ordinary discontinuity wave exists.

Hint: Note that the equation we are considering contains second-order derivatives
of velocity and first-order derivatives of density. This implies that the singular
surface is of second-order with respect to v, and of first-order with respect to p.
In addition, jumps of second-order derivatives with respect to time, strictly related
to ¢,, do not appear in (9.72).

9.14 Shock Waves in Fluids

In this section we deal with some fundamental properties of compressible inviscid
fluids, under the assumption that the shock is adiabatic i.e., it happens without
absorbing or losing heat:

[[h]] -n = 0. (9.146)

It is well known that if v and 7 are chosen as thermodynamic variables, then the
reduced dissipation inequality leads to the following relations:

oh oh
v = _(p’ n)7 0= __(pv 77)»
dp an
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where the enthalpy & = € + pv. Therefore, if

0%h L
dpn  dp "
it is possible to find the relation
n=n(p,v). (9.147)

In the following discussion, all the constitutive equations will be supposed to depend
on v, 17, and the entropy being expressed by (9.147).
Jump conditions (5.22),, (5.31), and (5.46), written for a perfect fluid,

[[p(cn - Vn)]] =0,
[[ov(cy — Vi) — pm]] =0,

[[p (%v2 + €(p. p)) (cn —vn) = pvnﬂ =0, (©.148)

give a system of one vector equation and two scalar equations with the unknowns
v—, p_, p_, referring to the perturbed region, and the normal speed of propagation
¢, of ¥ since the values of v, p™, and pt are assigned.
If we decompose the velocity v into its normal v, and tangential component v,
vV=v,n+ v,
where
V= vi + v%,

then Eq. (9.148) become

[[o(ca —va)]] =0
[[PVT (cn — Vn)]] =0,
[[ova(cn —vi) = PlI 0

[[p (%(vﬁ +v2) + €(p. p)) (en = va) = Pvn}

0, (9.149)

From (9.149), , it follows that

[love(cn —vi)ll = p=(cu —vD)[[V.]] = 0, (9.150)
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so that, if the shock wave is material

+
Cn =V,

then from (9.149); 4 we get the conditions

[[p]] = 0. [[val] = 0.

We conclude that the discontinuities only refer to density, tangential velocity, and
internal energy.

On the other hand, if ¢, # vf, (9.150) states that the continuity of the tangential
components of velocity on the nonmaterial wavefront

[[v.]] =0, 9.151)

and the system (9.149) reduces to the system

[[P(Cn - Vn)]] =0,
[[Pvn(cn — V) — p]] =0,
[[p (%Vi + €(p, p)) (cn —vn) — pvn:|:| =0. (9.152)

of three equations for the four unknowns v;’, p~, p~, and c,. This system can be
solved provided that the constitutive equation €(p, p) has been assigned together
with the value of one of the above quantities.

There are some relevant consequences of the system (9.152). First, if we
introduce at x € ¥ areference system attached to the wavefront, the previous system
is written as

pwT = ptwt =,
prw)+pT =pt ")+ pT,
1 1
P~ (E(w‘)2 + e‘) +p =p" (E(Wﬂ2 + e+) +p*, 9.153)
where w is the velocity of particles on the wavefront with respect to the new
reference system. Taking into account the first of these equations and introducing

the specific volume v = 1/p, we find that the system (9.153) can be written as

JPvT+pT =T+ pt,

1
— 2w+ €t (9.154)

1
EJZ(U_)Z te =3
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The first equation allows us to derive the condition

-+
j2= %, (9.155)

corresponding to the two possibilities

+ +

p >p and v <v or p-<pt and v >vuT.

Finally, after taking into account (9.155), the Eq. (9.154) becomes
1
ST p) = p)—et + ST —vH(pT +p7) =0, (9.156)

This equation is called Hugoniot’s equation or the adiabatic shock equation
and, given a pair pT, u™T for the undisturbed region, it allows us to find all values
p~, v~ which are compatible with jump conditions, but not necessarily possible.
In fact we observe that, assuming that the shock wave exists, there must be a unique
combination of v, v™, pT, p~, once j or, equivalently, ¢, has been assigned. This
remark highlights that the jump system does not provide a complete description of
shock phenomenon, since it admits more than one solution. Some of these solutions
must be rejected on a physical basis.

If (v, p) is assumed to be a one-to-one function of each of its variables, then the
Eq. (9.156) defines a curve y in the plane (p, v) having the following properties:

* the straight line v = v intersects the curve only at (v, pT);
* the straight line p = p* intersects the curve only at (T, pT);
e itis aconvex curve.

This last property can be deduced by resorting to the implicit function theory and
assuming some suitable properties of the constitutive equation.

A geometric interpretation of the curve defined by (9.156) highlights some
aspects governing shock waves. The quantity j? is the opposite of the slope of
the straight line connecting the point (vT, p*) with any other point (v~, p~) of
the curve itself (see Fig. 9.20).

All the straight lines originating at the point (v, p1) and intersecting the curve
represent transitions which are allowed by the jump conditions. This conclusion
indicates that we need to introduce a physical criterion to select the values (v™, p™)
that are physically acceptable.

In the next section the case of a perfect gas will be considered in great detail.

9.15 Shock Waves in a Perfect Gas

In this section the shock wave equations (9.153) will be examined in the case of
a perfect gas. For given quantities p* and v™, the unknowns p~, w™, wT will be
expressed in terms of the fourth unknown v™.
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e

Fig. 9.20 The curve defined by the Eq. (9.156)

The Clausius—Duhem inequality, suitably written for the case of a shock wave,
will be introduced in order to select the physically acceptable values of v™.
The constitutive equation of a perfect gas is

1
y—1

e(p.vh) = puT, (9.157)
where y is expressed in terms of the universal gas constant R and the specific heat
at constant volume c, by the relation

R
y=1+—.
CV
In a monatomic gas y = 5/3, and for a diatomic gas y = 7/5.
Substituting (9.157) into (9.156), we obtain the explicit form of Hugoniot’s
curve:

pT_viy+D-v(y-1
) vty —1) (©.158)

For a monatomic gas whose thermodynamic properties in the undisturbed region
have been assigned, Hugoniot’s curve has the behavior shown in Fig. 9.21.
Substituting (9.158) into (9.155) leads to

. 2ypt
2 . 9.159
T+ ) =t £ 1) ©.159)

Therefore, from (9.153),, the velocities w™ and wt are derived:

o 2ypt
w = J]JU =V )
J vy +1)—vt(y+1)

29+
wt=jut =vt rp .
vy + D) —vt(y+1)

(9.160)




302 9  Fluid Mechanics

SM

Fig. 9.21 Hugoniot’s curve

On the other hand, the Clausius—Duhem inequality leads to the jump condition

h
[|:PTI(Cn - Vn) - 5 : ll:|:| = 0» (9161)

which, as the shock is adiabatic (h = 0), reduces to
[[PU(Cn - Vn)]] > 0;
in the proper frame of the wave front, this assumes the form

J ) =<o. 9.162)
To within an arbitrary constant, the specific entropy of a perfect gas is
n=c,Inpv. (9.163)
Using (9.159) and (9.163), it becomes

_ 2yp+ Py
" \/U_(V Fh—vrp+D In Pty = 0. (9.164)

The first factor exists if

(y—1 vt

v > ,
y+1D

(9.165)

and the left-hand side of (9.164) has the same sign as the second factor. This is
positive if

v <vT. (9.166)
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Owing to (9.165) and (9.160), it is clear that the Clausius—Duhem inequality
imposes the following restriction on the values of v™:

8: J_r 11;u+ <v- <uvt 9.167)

Many relevant conclusions can be deduced from (9.167). First of all, the specific
volume v across a shock wave decreases. Therefore, from (9.166) it follows that

p~>p",

which means that only compressive shock waves are physically acceptable for a
perfect gas. It is worthwhile to remark that, under suitable assumptions, this result
represents a general feature of shock waves.

Furthermore, the specific volume does not decrease indefinitely, but rather
approaches a finite value. This limit volume is v™ /4 in the case of a monatomic
gas and vt /6 for a diatomic gas.

Finally, let us compare the gas velocities w~ and wt with the corresponding
speeds of sound U . For a perfect gas, we have

0
U? = (8_p) = ypv.
P/

From (9.160) and (9.158) we have

() =500
U- Sy -D-@-1

_ (9.168)
(&) ;
U- == -1

It can be easily proved that when the values of v~ satisfy (9.166), we obtain

w2 wt ?
— ] <1, — ) > 1.
U- U+
Therefore, it can be concluded that
wo<U™, wh >UT,
i.e., the shock waves travel with a supersonic velocity with respect to the gas in the

undisturbed gas, and they propagate with a subsonic velocity with respect to the
compressed gas.
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9.16 Exercises

1. Find Archimedes’ force acting on the empty cylinder of radius R, height &
and density p with vertical axis, immersed in water. Denote by d the common
thickness of its walls.

Hint: The weight of the cylinder is

p = pg [7R*S + 27 RS(h — 8)| = pgné [R* + 2R(h —§)].
Further, the buoyant force is
F = gngR%,

where  is the distance between the water surface and the bottom of the cylinder.
This force balances the weight if

- h—3§
h=ps|1+—).
# (%)

It is evident that this value can be accepted if i < h.
2. Repeat the above exercise for a empty cube whose edges have the value L.
3. Find the density of a sphere of radius R in order for it to be floating with half of
it immersed in water.
Hint: The weight of the sphere is

4 3
p = pgmR,
3
and the buoyant force is
F=g2nR?
=g-nR’.
£3

The two forces assume the same value when
p=0.5.

4. Let S be a body formed by the matter contained inside two concentric spheres
with radii R; < R,. Evaluate the weight of S, Archimedes’ force acting on S,
supposing that at equilibrium the water-line contains the centers of the spheres,
and the density of S.

Hint: The weight is

4
p = pg3m(Ry — RY).
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Archimedes’ force is

2 3

The density of S is given by

R
P= 573 o
2(R3 — RY)
5. Find the total force acting on a body S immersed in a perfect gas G. Assuming
that the axis Oxj3 is vertical and oriented upward, the pressure p on S due to the
presence of G is (see (9.11))

p(x3) = poexp (—%> .

From this we derive the expansion

1 g
p(x3) = po— pogx3 + EPOR_ng + 0(3), (9.169)
in which the constitutive equation py = pR6 has been taken into account.

Substituting (9.169) into the expression for the total force acting on S

F=—p / exp (—%) Ndo, (9.170)

where o is the surface of S and N is the exterior unit normal to ¢, and repeating
the considerations leading to Archimedes’ principle for liquid, we derive

2

F = pogkV — Po% / x3Ndo + 0(3),

g2
= pogkV 2p0R9 Vk 9.171)
where V is the volume of the region occupied by S and k is the unit upward-
oriented vector along Oxs. Formula (9.171) shows that we have again a total
force which is equivalent to an upward-driven force with a value, in general, that
differs from (9.14).
6. Verify that the surface of the water contained in a cubic container S which moves
with constant acceleration a parallel to the floor of S assumes the profile shown
in Fig. 9.22. Hint: It is sufficient to apply the condition

£+U(x)=cost =c
Ie
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Y
a
—>
[0) X
—>

Fig. 9.22 Water in accelerated container

on the surface of water and recall that
U=-gz+ax.
7. Consider the conformal mapping
w =2z (9.172)

Prove that, applying this transformation to the complex potential of a uni-
form flow

V = U()Z,
we obtain the following complex potential
V =x2—-y2+42ixy.

Supply a physical interpretation of the corresponding flow in the region x > 0,
y > 0.

8. Find a solution of Blausius’s equation (9.105) in terms of power series in the
neighborhood of the origin, with the boundary conditions (9.106);. Use an
analytic expansion (by introducing the variable § = 1/x) in order to satisfy
the second condition.

9.17 The Program Potential

Aim of the Program Potential

The program Potential, evaluates the complex velocity, the kinetic potential,
and Stokes potential when the complex potential F = F(z) is given. Moreover, it
plots the level curves of the above potentials.
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Description of the Problem and Relative Algorithm

The algorithm calculates the real and imaginary parts of the complex potential
F = F(2), with z = x + iy. We recall that these parts coincide with the kinetic
potential ¢ = @(x, y) and the Stokes potential ¥ = ¥ (x, y), respectively. Then the
program evaluates the derivatives of ¢ and Y with respect to x in order to find the
complex velocity V = (d¢/dx) + i(d¥/0dx). Finally, the program plots the level
curves ¢ = const and ¥ = const contained in a given rectangle with vertices
Ay = (a,0), 4, = (b,0), A3 = (0,¢), and A4 = (0, d).

Command Line of the Program Potential

Potential [F, {a, b}, {c, 4}, {valok, vallK, stepK},
{valos, valls, stepS}, points, option]

Parameter List

Input Data

F = complex potential F = F(z);

{a, b}, {c,d} = determine the vertices A; = (a,0), 4, = (b,0),43 =
(0,¢), Ay = (0, d) of the rectangle in which the potential level curves have to be
drawn;

{valok, wvallK, stepK} = lowest and highest values of the kinetic level
curves; stepK is the step to draw them;

{valos, wvallS, stepS} = lowest and highest values of the Stokes level
curves; steps is the step to draw them;

points = number of plot points;

option = plot option. If option = Kinetic, the program plots only the
kinetic level curves; if opt ion = Stokes, it plots only the Stokes level curves.
When option = All, both the curves are represented.

Output Data

The complex potential F = ¢(x,y) + iy (x,y);
a
the complex velocity V = @ + ia—;
x by
the plot of the level curves ¢ = const and ¥ = const.
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Worked Examples

1. Uniform motion. Consider the complex potential
F(z) = 2z

To apply the program Potential it is sufficient to input the data
F=2z;

{a.b} ={-1.1}%

{c.d} ={-1.1}%

{valOK,vallK, stepK} = {—10,10,0.5};
{valos,valls, stepS} ={-10,10,0.5};

points = 100;

option =2Al1;

PotentiallF,{a,b},{c,d}, {valok,vallK, stepK},
{valos,valls, stepS},points,option]

The corresponding output is (see Fig. 9.23)

Complex potential

F =2x+4 21y

Complex velocity

V=2

ffffff Level line of the Stokes potential
——— Level line of the kinetic potential ¢

Fig. 9.23 Uniform motion

2. Vortex potential. Consider the complex potential

F(z) = —ilogz,
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describing a planar flow in which the fluid particles uniformly rotate around
an axis containing the origin and orthogonal to the plane Oxy. Applying the
program Potential with the input data*
F = —ILog[z];
{a. b} ={-1,1};
{c.d} ={-1,1};
{valOK,vallK, stepk
{valos,valls, stepS
points =100;
option = All;
Potential [F, {a, b}, {c, 4},
{valok, wvallK, stepK}, {valos, vallS, stepS}, points,
option],
we obtain (see Fig. 9.24)
Complex potential

— y 1 . 2 2
F = ArcTan [;] - ElLog[x +v°]

Complex velocity
o ix vy

T ox2 2 2
ty x2(l+y—)

,1,0.5};
,2,0.4};

b= (-1
b= (-2

ffffff Level line of the Stokes potential
——— Level line of the kinetic potential ¢

Fig. 9.24 Vortex potential

“We note that according to the usual syntax of Mathematica® [69], all the mathematical constants
and the elementary functions are written with a capital letter. Consequently, I denotes the
imaginary unity.
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3. Sources and Sinks. The flow produced by a source or a sink that has an intensity
Q is described by the complex potential

F(z) = glogz,
2

where Q is positive for a source and negative for a sink. When Q = 2, the
program Potential with the input (see Fig. 9.25)
F = Log(z];
{a,b} = {-2.8,2.8};
{c,d} ={-2.8,2.8};
{valOK,vallK, stepK} = {—1,1,0.25};
{valos,valls, stepS} ={-1,1,0.25};
points = 100;
option =2Al1;
Potential [F, {a, b}, {c, 4}, {valok, vallK, stepK},
{valos, wvalls, stepS}, points, option]
gives the output
Complex potential

1
F = IArcTan [Z] + ELog[X2 +v?]
X
Complex velocity
X Iy
V= i v
X2 (1 + —2)
X

ffffff Level line of the Stokes potential i
——— Level line of the kinetic potential ¢

Fig. 9.25 Source and sink
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4. Doublet. The flow produced by a source—sink dipole with intensity 0 = 27 is
described by the complex potential

F(z) = é

The program Potential, with the input

F=1/z;

{a.b} ={-2,2};

{c.d} ={-2,2};

{valOK,vallkK, stepK} = {—0.5,0.5,0.2};
{valos,valls, stepS} ={-0.5,0.5,0.2};

points =100;

option =All;

Potential [F, {a, b}, {c, 4}, {valok, vallK, stepK},
{valos, wvallsS, stepS}, points, option],
gives the output (see Fig. 9.26)

Complex potential
Y

—1I
X2 + y2 X2 + y2
Complex velocity
2x2 2Ixy 1

= _(x2 + v2)2 + (x2 + y?)2 + %2 + y2

777777 Level line of the Stokes potential 1
——— Level line of the kinetic potential ¢

Fig. 9.26 Doublet

5. Consider the complex potential

1
Fiz)=z+-
z
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describing the planar flow produced by the superposition of a uniform motion
along the x-axis and a flow generated by a source—sink dipole with intensity 1.
In order to represent the level curves of ¥ = v (x, y), it is sufficient to input
F=z+41/z;

{a.b} ={-2.2}

{c.d} ={-2.2}

{valOK,vallK, stepK} = {—0.5,0.5,0.1};

{valos,valls, stepS} ={-0.5,0.5,0.1};

points =100;

option = Stokes;

Potential [F, {a, b}, {c, 4}, {valok, vallK, stepK},
{valos, wvalls, stepS}, points, option].

In output we have (see Fig. 9.27)

Complex potential

F 1+ L I Y
= X _ ] = e
X2+y2 Yy X2+y2

Complex velocity
2x? 2Ixy 1

V=1-— + +
(x2 + y?)2 (x2 +v2)2 | x24y?

Fig. 9.27 Level lines of Stokes potential v

Exercises

Apply the program Potential to the following complex potentials.

1.

wkwn

1
F(z) =z+ - +ialogz, witha =1,2,2.2.

Fy = P/
F(z) = /z :

F(z) =+v1—-22
F=z+V1-2%
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9.18 The Program Wing

Aim of the Program Wing

The program Wing draws the curve I' which represents the image under the
Joukowsky map of the unit circle with a given center as well as the straight line
r containing the point 7/ = (2/,0) and forming an angle 8 with respect to Ox.
Moreover, it gives the parametric equations of both I and r and the values of /
and f.

Description of the Problem and Relative Algorithm

Given the center C = (x¢,yc) of the unit circle, the program applies the
Joukowsky transformation

2
z=§+%,

where

I =xc+ +1—yc.

Then it determines the corresponding curve I' and draws the straight line r
containing 7’, which coincides with the exit point of the wing, and forms an angle
B = arcsin y¢ with the Ox-axis. Moreover, it gives the parametric equations of "
and r.

Command Line of the Program Wing

Wing[xc ,yc ]

Parameter List

Input Data

xc = abscissa of the center C of the unit circle;
yc = ordinate of the center C of the unit circle.

Output Data
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parametric equation of I;

parametric equation of the straight line r containing 7’ and forming an angle
with Ox;

plot of I', r, and the circumference C;

values of / and f.

Worked Examples

1. Apply Joukowsky’s transformation to the unit circle with the center C =
(0.2,0.1); i.e., enter as input the command
Wing[0.2, 0.1].
The corresponding output is’
Parametric equations of the wing
1.42799(0.2 + Cos[t])
(0.2 4+ Cos[t])? + (0.1 + sin[t])?
1.42799(0.1 + Sinlt])

(0.2 4+ Cos[t])? 4+ (0.1 + sin[t])?

x(t) = 0.2 4+ Coslt] +

y(t) = 0.1 + Sin[t] —

Parametric equations of the straight line r containing
the point T =(21,0) and forming an anglef with Ox-axis
x(t) = 2.38997 — 0.994987t

y(t) = 0.1t
B =5.73917°
1=1.19499

——— Wing profile
777777 Straight line r

Fig. 9.28

2. Consider Joukowsky’s transformation relative to the unit circle with its center at
C = (0.1,0.15) and use the program Wing, entering Wing [0.1, 0.15].
In output we obtain
Parametric equations of the wing

3We note that, for typographical reasons, the plots of this section are presented in a different form
with respect to the plots which are obtained by launching the package Mechanics.m.
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1.18524(0.1 4 Coslt])

(0.1 4 Cos[t])? + (0.15 + Sin[t])?
1.18524(0.15 + Sin[t])
(0.1 + Cos[t])2 + (0.15 + Sin[t])?
Parametric equations of the straight line r containing
the point T =(21,0) and forming an anglef with Ox-axis
x(t) =2.17737 — 0.988686t

x(t) = 0.1 4+ Coslt] +

y(t) = 0.15 + Sin[t] —

y(t) = 0.15t
B =8.62693°
1=1.08869
y
1.5
S T
Q/_lK/VT 5 X
5
-1
-1.5
—— Wing profile
ffffff Straight line r
Fig. 9.29
Exercises

Apply the program Wing to the unit circle with the center at C = (x¢, y¢) for the
following values of x¢ and y¢

Xc = 0.1, Yc = 0.2.

. X = —0.18, Yc = 0.2.
. xc =019, yc =0.21.
. xc =0.18, yc =0.18.

B W =

9.19 The Program Joukowsky

Aim of the Program Joukowsky

When the complex potential F = F(z) is given by the conformal Joukowsky
transformation, the program Joukowsky draws the streamlines both around the
unit circle and the wing profile, which is the image of the circle under the above
transformation.



316 9  Fluid Mechanics
Description of the Problem and Relative Algorithm

Given the center C = (x¢, y¢) of the unit circle and Joukowsky’s transformation,
the program determines the complex potential F = F(z) of the flow around the
cylinder (see Sect. 9.5). Moreover, it draws the streamlines around both the cylinder
profile and the wing. The above streamlines are the integral curves of the field

_ (9Re(F) 0dIm(F)
X_( ax dy )

corresponding to a given set of initial data; that is, they are solutions of the Cauchy
problems

. 0Re(F)
X = ,
oax
. dIm(F) .
y=— L =1, ,n. (9.173)
dy
x(to) = Xoi,
y(to) = yoi,

Command Line of the Program Joukowsky

Joukowsky[’,xc,yc, {a, b}, {c,d}, indata, steps, T1, T2]

Parameter List

Input Data

¢ = angle of attack;

xc = abscissa of the center C of the unit circle;

yc = ordinate of the center C of the unit circle;

{a, b}, {c, 4} = definition of the graphic window in which to represent
the streamlines;

indata = set of initial data for numerically integrating the differential sys-
tem (9.173);

steps = steps of the numerical integration;

T1, T2 =lowest and highest extrema of the integration interval.

Output Data

streamlines around the cylinder;
streamlines around the wing profile.
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Worked Examples

1. Consider the unit circle with its center at C = (—0.2,0.1) and let ¢ = 10° be
the angle of attack. In order to show the streamlines around the cylinder and the
wing, it is sufficient to enter®
¢ = 10Degree;

{xc,yc} ={-0.2,0.1};

{a,b} ={-3,3}

{c,d} = {-1.5,1.6};

indata = Join[Table[{—3,—1.4 + 1.4i/15},{4, 0,15}],
Table[{—3 + 2 x1/5,—1.5},{i, 0, 5}];

steps = 10000;

{T1,T2} ={0,10};

Joukowsky[’, xc,yec,{a,b},{c,d}, indata, steps, T1, T2].
The corresponding output is shown in Figs. 9.30 and 9.31.

Streamlines around the cylinder

Streamlines around the wing profile

1.5

il

) - o3
Z esg —

-1.5

Fig. 9.31

6We note that Mathematica® uses 10 Degree instead of 10°. Moreover, the initial data are
given by resorting to the built-in functions Join and Table, which respectively denote the union
operation and the indexed list (see on-line help of Mathematica® [69]).
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Exercises

Determine the set of initial conditions indata and the other input parameters that
allow us to apply the program Joukowsky in the following cases:

1. C = (=0.2,0.1), ¢ =29.
2. C =(—0.18,0.2), ¢ = 8°.
3. C = (—0.22,0.18), ¢ = 20°.

9.20 The Program JoukowskyMap
Aim of the Program JoukowskyMap

When a (closed, open, or piecewise defined) curve or a point set are assigned, the
program JoukowskyMap determines the corresponding image under Joukowsky’s
transformation of a unit circle with a given center (Fig. 9.31).

Description of the Problem and Relative Algorithm

Given the center C = (x¢, y¢) of the unit circle and a (closed, open, or piecewise
defined) curve or a point set I', the program applies Joukowsky’s transformation
and determines the image I'' of T'. In particular, if T" is a curve, it determines the
parametric equations of I'" as well as its plot; instead, if I" is a finite set of points, it
determines the image of each of them.

Command Line of the Program JoukowskyMap

JoukowskyMap [xc, yc, curve, data, range, option]

Parameter List

Input Data

{xc, yc} =coordinates of the center C of the unit circle;

curve = option relative to the curve I' for which the choices closed, open,
piecewise, and points are possible;

data = parametric equations of I' or point list;
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range = variability range of the parameter t in data or null if I" is a point
set;

option = parametric; for this choice the program gives the parametric
equations or the coordinates of I'’; for a different choice of option it shows
only the plot.

Output Data

Plots of T, I/, and the unit circle in the same graphic window;
parametric equations of I'/;
coordinates of the points of T,

Use Instructions

For the input datum curve the following choices are possible:

curve = closed if I' is a closed curve defined by two parametric equations
x = x(t), y = y(t), where the parameter ¢ varies in the interval [z, 7o], which
in input is given by range = {7}, 12};

curve = open if I' is an open curve defined by two parametric equations
x = x(t), y = y(t), where the parameter ¢ varies in the interval [z, to], which
in input is given by range = {7}, 12};

curve = piecewise if I' is a curve defined by more parametric equations

x;i = x;(t), yi = yi(t),i = 1,...,n, where the parameter ¢ varies in
one or more intervals which are given by range = {11, 1o}; or range =
o ted - ATt wadhs

curve = points if I' is the finite set of points; in this case range = null.

Moreover, if the input datum option = parametric, the program also gives
the parametric equations of I'” or the coordinates of the points of T,

Worked Examples

1. Let I" be the square internal to the unit circle with its center at C = (0.1, 0.2) and
vertices A = (0.5,-0.5), B = (0.5,0.5), D = (-0.5,0.5), E = (—0.5,—-0.5).
The program JoukowskyMap shows the image of I' under Joukowsky’s
transformation given the following data:

{xc,yc} ={0.1,0.2};

curve = piecewise;

{xa,ya} = {xel,yel} = {0.5,—0.5};
{xal,yal} = {xb,yb} = {0.5,0.5};
{xbl,ybl} = {xd,yd} = {-0.5,0.5};
{xd1,yd1} = {xe,ye} = {—0.5,—0.5};
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data = {{xa + t(xal —xa),ya + t(yal —vya)},

{xb + t(xbl — xb),yb + t(ybl — yb)},

{xd + t(xd1l — xd),yd + t(ydl —yd)},

{xe + t(xel —xe),ye + t(yel —ye)}};

range = {0, 1};

option =null;

JoukowskyMap[xc, yc, curve, data, range, option].
The corresponding output is’

—— Unit circle
————— Input curve or list of points
----- Qutput curve or list of points

Fig. 9.32 Joukowsky map

2. Let I" be an ellipse which is external to the unit circle with the center at C =
(0.1, 0.2) and parametric equations

x(t) =xc + 2.cost, t € 0.27].
y(t) = y¢ + sint,
To see the image curve IV of I under Joukowsky’s transformation, the program
JoukowskyMap can be used by entering
{xc,yc} ={0.1,0.2};
curve = closed;
data = {xc + 2Cos[t],yc + Sin[t]};
range = {0,21};
option =null;
JoukowskyMap[xc, yc, curve, data, range, option].
The corresponding output is shown in Fig. 9.33.
3. Consider the set of points I' = {P; = (0, 1.5), P, = (0.5,0), P; = (0.75,0.75),
Py = (0.75,0), Ps = (1,0), Ps = (1, 1)}. To determine the image of I" under

"The plots of this section, for typographic reasons, differ from the plots obtained by the program
JoukowskyMap of the package Mechanics.m.
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——— Unit circle
——————— Input curve or list of points
777777777 Output curve or list of points

Fig. 9.33 Joukowsky map

Joukowsky’s transformation relative to the unit circle with the center at C =
(0.2,0.1), we have to enter

{xc,yc} ={0.2,0.1};

curve = points;

data = {{0,1.5},{0.5,0},{0.75,0.75},{0.75,0},{1,0},{1,1}};

option =null;

JoukowskyMap[xc, yc, curve, data, range, option],

to obtain the output of Fig. 9.34.

— Unit circle
¢ ¢ ¢ ¢ Input curve or list of points
** %% Qutput curve or list of points

Fig. 9.34 Joukowsky map

Exercises

Apply the program JoukowskyMap to a unit circle with the center at C =
(0.2, 0.1) relative to the following curves or sets of points I' (Fig. 9.34).

1. T': radius of the unit circle along the Ox-axis.

2. I': triangle internal to the circle with vertices A = (0.1,0), B = (1.1,0), D
(0.2,0.1).

I': segment parallel to the Oy-axis with end points A = (1,0), B = (1, 1.1).
4. T': segment with end points 4 = (1,0),C = (0.2,0.1).

W
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9]

—_—
—_ O O 00

12.

13.
14.

15.
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I': finite set of points on the Ox-axis. Verify that Joukowsky’s transformation
leaves the above points on the Ox-axis.

. I': finite set of points on the Oy-axis. Verify that Joukowsky’s transformation

leaves the above points on the Oy-axis.

. I': circle with the center at the origin and radius r = 0.6.

. I': circle with the center at the origin and radius r = 2.

. T': circle with the center C and radius r = 2.

. I': circle with the center C and radius r = 0.8.

. T': square with vertices A = (1.5,—1.5), B = (1.5,1.5), D = (-1.5,1.5),

E = (-15-1.5).

I': polygonal with vertices A = (0,0.5), B = (1,0.2), D = (0,1), E =
(0.2, 1).

I': polygonal with vertices A = (1.1,1.2), B = (1.2,1.2), D = (1.2,0).

I': semicircle with the center C = (0.2, 0.1), radius » = 0.5, and chord parallel
to the O x-axis.

I': semicircle with the center C = (0.2, 0.1), radius r = 2, and chord parallel
to the O x-axis.



Chapter 10
Linear Elasticity

We start with the formulation of the different boundary value problems of linear
elasticity: mixed problem, stress problem, and displacement problem. Theorems of
existence and unicity of solutions of these problems are proved in suitable functional
spaces. Then, the solution of Boussinesq—Papkovich—Neuber of linear elasticity is
given. The Saint—Venant conjecture is discussed together with all the fundamental
solutions of linear elasticity it supplies. The remaining part of the chapter contains
a wide analysis of waves in linear elasticity in which important phenomena as
reflection waves, refraction of waves, and Rayleigh surface waves are analyzed.

10.1 Basic Equations of Linear Elasticity

This chapter deals with some fundamental problems of linear elasticity and the
material it covers is organized as follows. Since the existence and uniqueness
theorems play a fundamental role, the first sections will be devoted to these
theorems. The existence and the uniqueness of a solution can be proved in a classical
way, by requiring that the solution exists and is unique within a class of regular
functions; but it can also be proved in a weak sense (see Appendix A) if it is the
unique solution of a suitable integral problem.

After discussing some elementary solutions, we present a method for analyzing
beam systems, according to the Saint—Venant assumption, whose validity is not yet
completely proved.

Finally, we will discuss the Fourier method as a tool for analyzing problems
characterized by simple geometry.

More general cases require the use of numerical methods whose reliability is
based on the following requirements:
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 for the problem we are going to analyze numerically, a theorem of existence and
uniqueness exists;
* the involved procedures allow us to control the errors.

Additional remarks concern the fact that, when dealing with a linearized theory
obtained by replacing the nonlinear equations with the corresponding linearized
ones, the implicit assumption is that small perturbations produce small effects. This
is not always the case, and it is relevant

* to investigate the condition of stability of an equilibrium configuration of the
elastic system, in whose proximity it is of interest to linearize the equations;

* to express nonlinear equations in a dimensionless form;

* to define the circumstances, related to initial and loading conditions, under which
the linearized equations give an appropriate description of the motion or the
equilibrium.

In this respect, in the following discussion it is assumed, without any further
insight, that the linearization provides correct results if

1. loads, displacement u, displacement gradient H, velocity v, and velocity gradient
Vv are all first-order quantities, so that their products or powers can be neglected;

2. the configuration C, around which the linearization is applied is an unstressed
equilibrium configuration;

3. all the processes take place under constant and uniform temperature.

With the above remarks in mind, we recall that in linear elasticity there is no
further need to distinguish between the Piola—Kirchhoff tensor and the Cauchy stress
tensor (see (6.28)); in addition, if the initial state is unstressed and the evolution
takes place at constant and uniform temperature, then the stress tensor is written as

Tij = Cijni Enk, (10.1)

where the linear elasticity tensor C;j; is characterized by the following properties
of symmetry:

Cijnk = Cjink = Cijkn = Cpiij. (10.2)

In particular, for a linear elastic and isotropic medium, by taking into
account (10.1) and (7.18), the elasticity tensor becomes

Cijnk = A8ijSnk + i (8indjx + 8;nbir)- (10.3)

Then the equations of linear elasticity are obtained by substituting the stress
tensor (10.1) into the motion equation (5.69) and observing that, if v = du(X, t) /0t
is the velocity field, then in the linearization we have

as TU LG gaa OO (10.4)
= —4u-Vix —. .
or? " o2
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Moreover, the tractions t and t, as well as the unit vectors N and N, that are normal
to the boundaries dC and dCy only differ from each other by terms higher than the
first-order terms of the displacement and displacement gradients (see (5.72), (5.73)).

In general, a dynamical problem of linear elasticity can be formulated as a mixed
boundary value problem: find a displacement field w(X,t) such that

0%u; d duy,
* n 5 — oo Cz *bi C*7
p e =) ( f”"ax)+p on

aX "N, = 1;(X.1) on S, (10.5)

uX,7) =0 on X,
u(X,0) = uy(X), u(X,0) = ap(X) on Cy,

Cljhk

where X, is the portion of the boundary dC,x on which the traction t(X,¢?) is
prescribed, X, is the fixed portion of dCy, X| U Xy = dCy, and N is the outward
unit vector normal to dCy.

In particular, if ¥, = @, then the boundary problem is a stress boundary value
problem; on the other hand, if | = @, then the problem reduces to a displacement
boundary value problem.

A static mixed boundary value problem is formulated in this way:

d 814/,
ru— C[ h *b[ = 0 C*7
axj( f’kax)+p on

duy,
Cl/hk 8X N/ =1 (X) on Ela

u;(X) =0 on X,.

(10.6)

If the solid is homogeneous and isotropic, then the elasticity tensor C assumes
the form (10.3), where A and p are constant, so that the system (10.5) is written as

32

p*glzlzuAu—i—(k—k,u)VV-u%—p*bi on Cy,

QuE + A(rE))N = t(X) on X, (10.7)
uX) =0 on X,

u(X,0) = uy(X), u(X,0) =up(X), onCs.

When dealing with a stress boundary value problem, the traction t and the body
force b have to satisfy the overall equilibrium equations of the system S'!:

'If the portion X is nonempty, then conditions (10.8) are replaced by

Js, tdo + [¢, psbde + [, ¢ do =0,
lerxtdo+fc* p*rxbdc-l-lerxq)da =0,
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/ tda—i—/ pxbdc =0,

9Cx Cx (10.8)
rxtd0+/ pxr xbdc =0.

3Cx Cx

The first condition is a restriction on the prescribed values of t and b. Moreover,
introducing the decomposition

r=ry«—+u, (10.9)

where r, is the position vector in the reference configuration, and recalling that t, b,
and u are first-order quantities, we find that (10.8), can be written in the form

/ r*xtdo—i—/ p«Tsx X bdc = 0. (10.10)
ac* *

This condition must be satisfied both from data and solution, i.e., it is a compatibility
condition.
Sometimes it is convenient to assume as unknowns the stresses rather than the
displacements. In a traction problem, it holds that
Vx-T+ psb=0 onCy,

TN =t ondCs. (10.11)

The solutions T(X) of this system have to satisfy the integrability condition of
the deformation tensor E = C ~'T. Such a condition (see Sect. 3.8) is written as

VxVxE=0
and, due to the constitutive law (10.1), the equilibrium equations become

Vx-T+ psb=0 onCy,
VxVx(CT'T)y=0 onCs,
TN =t on dCs. (10.12)

where ¢ is the reaction provided by the constraints fixing the portion X, of the boundary. These
conditions of global equilibrium are certainly satisfied due to the presence of the above reactions,
provided that they are assured by the constraints.
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10.2 Uniqueness Theorems

This section is aimed at proving the uniqueness of a classical solution of mixed
boundary problems; in the next section we will discuss the existence and uniqueness
of weak solutions of mixed or pure traction problems.

In order to reach this goal, it is relevant first to prove that, in any arbitrary motion,
the following integral relation holds:

d 1
—/ Px (—u2+\p) dcs =/ t-l'ldo*—i—/ pxb - dcy, (10.13)
dt Ca 2 9Cs »

where
1
oW = Ecijthij Epi (10.14)

is the energy density of elastic deformation.
The motion equation (10.5);, when multiplied by u, gives

d

1., d
' *_‘ d * 'i_ Ci'1 E *bi'i d *
r C*p Sicde /C* (u X, (Cijnk Enk) + p u) ¢

= —/ Cijthij Eprdces
C

d . .
+ /c* (E (Cijnk Enkiti) + P*bi“i) dex,

so that, by using (10.14) as well as by applying Gauss’s theorem, we get

d 1
—/ Px —i? + W) dex = / Cij1,kEhkitiNj dos + / Pxbilt; dcx.
dr Je, 2 9Cs C

This relation, with the boundary conditions (10.5); 3, allows us to obtain (10.13).
The following uniqueness theorem can now be proved:

Theorem 10.1. [f the elasticity tensor is positive definite, so that
Cijnk Eij Epe > 0, (10.15)
and a solution u(X,t) of the mixed problem (10.5) exists, then this solution is

unique.

Proof. If u; and u, are two solutions of the mixed problem (10.5), then the
difference u = u; — u, will be a solution of (10.5) corresponding to the following
homogeneous data:
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u=0 onX; t=0 onX,,
u(X,0) =u(X,0) =0 on C,.

It follows that for the motion u the integral condition (10.13) gives

d 1,
—_ « | = U dex =0. 10.16
dl‘/c*p (2” * ) ¢ (1010

Moreover, when the initial conditions for u are taken into account, the integral
appearing in (10.16) must initially vanish so that during the subsequent evolution

we have
1.,
o Eu + W )dcye =0.

Since all the quantities under the integral are nonnegative and the functions are of
class C?, at any instant and at any point it must hold that

uX,r) =0, ¥(X,1) =0;
since initially u(X, 0) = 0, it follows that u vanishes at any instant and at any point,
so thatu; = u,. d

We use the same procedure to prove the uniqueness of an equilibrium problem.
In fact, if the equilibrium equation (10.6);, previously multiplied by u, is integrated
over Cy, then when (10.13) is again taken into account, we obtain the following
relation:

/ p*\lldc*zf t-udo*—i—/ pxb-udcs. (10.17)
C ICx Cu

Now the following theorem can be proved.

Theorem 10.2. Let the elasticity tensor be positive definite (see (10.15)). Then, if a
solution w(X) of a mixed problem or a displacement problem exists, it is unique.
For a problem of pure traction, the solution is unique, apart from an arbitrary
infinitesimal rigid displacement.

Proof. If u; and u, are two solutions, then their difference must also be a solution
satisfying the homogeneous data

u=0 onX, t=0 onX,.

It follows from (10.17) that

f p*\p dC* - O,
Ci
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and since C is positive definite, it also follows that ¥ = 0, i.e., E = 0. This proves
that u is a rigid displacement. If 3 does not reduce to a point or a straight line, then
the condition u = 0 on X, implies that u = 0 in all the region C.. O

Remark 10.1. When considering an isotropic material, the condition (10.15) is
fulfilled if and only if

A+2p >0, n > 0. (10.18)
This remark is proved by the following chain of equalities:
2V = CijukEij Enke = (A8ij8nk + (8indjx + 8;18i)) Eij Enk

= A(rE)” + 2utr(E%) = (A + 2u) (wE)? + 2u(E}, + Efy + E3),

so that W is positive definite if and only if the conditions (10.18) are satisfied.

10.3 Existence and Uniqueness of Equilibrium Solutions

In this section, in order to prove an existence and uniqueness theorem for a mixed
boundary problem (see (10.5)), a weak formulation is used (see Appendix A).
Let

Uy = (H(Cy))? (10.19)

be the vector space of all the vector functions v(X) whose components

e are square integrable functions vanishing on X;;
* have weak first derivatives in Ci.

Then U is a complete vector space with respect to the Sobolev norm
3 3
vz, = Z/ vides+ Y / v dey, (10.20)
= JCx 17217 Cx
and it is a Hilbert space with respect to the scalar product
3 3
(v, ll)u0 = Z/ viu; des + Z / Vi jUij dey, (10.21)
i=1"Cx ij=1"Cx

where a; ; = 0a; /0X;.
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Introducing the notations

B(u,v) =/ Cijnktnvi,j dCx.,

*

F(v) Z/ p*b,‘v,' dcy +/ tiv; doy, (10.22)
* )

the weak formulation of the problem (10.6) gives:
B(u,v) = F(v) Vv € Uy. (10.23)

Now the following theorem can be proved:

Theorem 10.3. Let C be a compact region of N> bounded by a regular surface
and assume that b; (X) € L,(Cy), t;(X) € Ly(X,). If the elasticity tensor satisfies
the conditions

1. Czjhk(X) € LI(C* 1]hk| <K, K>0;
2. itis elliptic; i.e., Cijhk&ij&n > 1 Zw EU, w > 0, for any symmetric tensor ;;;

then the weak solution u € Uy of the problem (10.6) is unique.

Proof. The definition of {{, and the assumptions about b;, #;, and C;;;x allow us to
state that B is a bilinear continuous form on Uy x Uy and F is a linear continuous
form on U. In fact, the first condition gives

2

2
2
(/ Cijhkui,jvh,kdc*) <K Z/ ui jvij des

Since v,u € Uy, the squared components v; and u; can be summed up as well as
their first derivatives, and Schwarz’s inequality (see (1.10)) can be applied to the
integral on the left-hand side in L,(Cy), so that we obtain the relation

(f Cljhkuljvhk dc*) =< KZZ/ 2 dc*f Vi dex

Z/u dc*—l—Z/ - dey Z/v dc*+Z/ cdek |,

which in a compact form is written as
|B(u, V)| = K [[ullyf, [Vl -

This proves the continuity of B;in a similar way, the continuity of F' can be verified.
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At this point, the theorem is a consequence of the Lax—Milgram theorem (see
Appendix A) if it is proved that B is strongly coercive or strongly elliptic. Then the
symmetry properties of C allow us to write

2
Cijnktti jung = Cijni Eij Epge > 1 Z Ej;,
ij

where E is the tensor of infinitesimal deformations. From the previous inequality it
also follows that

2
/ Cl'jhkui,ju},.k dC* > /,LZ/ Eij dC*.

By recalling Korn’s inequality (see Appendix A), we see that
Z/ E} dee >0 ul7, .
ij Y Cx

where o is a positive constant, and the theorem is proved. O

If C,t;, and b; are conveniently regular functions, then the weak solution is also
a regular solution for the mixed boundary problem (10.6).
For the problem of pure traction

(Cijnkuni),; = —pxb; on Cy,

CijnkupxN«j = 1; on 0C, (10.24)

the following theorem holds:

Theorem 10.4. Let the hypotheses about C,b, and t of the previous theorem be
satisfied, together with the global equilibrium conditions

/ td0~|—/ pxb dcy =0,
ACx x

/ r« X tdo —{—/ pxTx X b dey = 0. (10.25)
0Cx *

Then the problem (10.24) has a unique solution, apart from an arbitrary infinitesi-
mal rigid displacement.

Proof. Only the main steps of the proof are given. Let

U= (H(Cy)’
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be the vector space of the functions v(x) whose components belong to L,(Cy)
together with their derivatives. It is a Banach space with respect to the Sobolev
norm (10.20), and a Hilbert space with respect to the scalar product (10.21). Once
again, (10.23) represents the weak formulation of the equilibrium problem (10.24)
provided that 3, in (10.21) is replaced with dC. Moreover, it is possible to prove,
by the same procedure followed in the previous theorem, that B(u,v) and F(v)
are continuous in U x U and U, respectively. However, B(u, V) is not strongly
coercive. In fact, from condition (2) we derive

B(ll,ll) :/ Cijthithk dC* > MZ/ Elzj dC*,

so that

B(u,u)=o<=>§ / E} dex = 0. (10.26)
— - JCx
i,J

Consequently, if the subspace R of U/ given by
R={aeld, a=a+bxr,, abeh’ (10.27)
of rigid displacements is introduced, it follows that the condition (10.26) is satisfied
for any element of R and therefore it does not imply that u = 0.
It is possible to verify that any Cauchy sequence {u,} of elements belonging to
R converges to an element of R, so that this subspace is closed. Owing to known
results of analysis, the quotient space
H=U/R

is a Banach space with respect to the norm

[u]ll; = inf flu+dall,, (10.28)
u€eR

where [u] denotes the equivalence class of I. It is also a Hilbert space with respect
to the scalar product

([u], [V = inf (w4 @, v+ V),,. (10.29)
u,veR
On the other hand, the positions

B([u],[v]) = B(u,v) = / Cijn Eij W) Ep (V) des,

Cx

F([v]) = F(v), (10.30)
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define a bilinear form on H x H and a linear form on 7, respectively. In fact,
E;j(w) = E;;(u) if and only if u and u’ differ for a rigid displacement, that is,
belong to the same equivalence class. Moreover,

FV)—FWV)=a (/ tdo+[ p*bdc*)
ICx x
+b-([ r*xtd0+/p*r*xbdc*)=0,
dCx 5

due to the conditions (10.25). It is also easy to verify that B(u,v) and F(v) are
continuous and that the weak formulation of the equilibrium boundary problem is
written as

B(ul.v) = F(Iv) VIVl € H.

Finally, owing to the inequality (see Appendix A)
> [ £ de = el
ij VO

the bilinear form B ([u], [v]) is strongly coercive and the theorem is proved. O

10.4 Examples of Deformations

A deformation of the system S is defined to be homogeneous if its Jacobian matrix
is independent of the coordinates. In this case, the deformation tensor is constant
and, presuming the material is homogeneous, the stress state is constant and the
equilibrium equations are fulfilled.

We now discuss some examples of homogeneous deformations.

1. Uniform expansion
As a consequence of the displacement field

Ui =OtXl', i = 1,2,3,

any point X moves along the straight line passing through the origin and the point
X, independently of the direction. This deformation is infinitesimal if « is a first-
order quantity. If @ > 0, the deformation is an uniform expansion; if ¢ < 0, it is
a volume contraction. The displacement and deformation gradient tensors are

00
H=E=|0«a0 ],
00«
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and the stress tensor is given by
T = (GA +2p)al,
and represents a uniform pressure if @ < 0, and a tension if @ > 0.
2. Homotetic deformation
Consider the displacement field
up =Xy, w=wmX u=a3X3,
and the corresponding tensors
o 00
H=E = 0 (0% 0 s
00 (0%}
as well as the stress tensor
T = A(a; + a2 + a3)I + 2uE.
In particular, if @y = a3 = 0 and «; > O, then the stress field reduces to an
uniaxial traction.
3. Pure distortion
The displacement field

u =kXo, up = u3 =0,

implies that

and

-

Il
o oo
=
oo &
o oo
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10.5 The Boussinesq—Papkovich-Neuber Solution

When the problem does not suggest any symmetry, the approach usually followed
is the Boussinesq—Papkovich—Neuber method. In the absence of body forces and at
equilibrium, (10.7); assumes the form

VV.-u+ (1-2v)Au =0, (10.31)
where
—A (10.32)
VvV = . .
20+ )

Then the following theorem holds:
Theorem 10.5. The displacement fields

u; = Vg, with Ap =0, (10.33)
and
w=41-v)® -V(®-X), with Ad =0,

are two solutions of the equilibrium equation (10.31), for any choice of the harmonic
functions ¢ and ®. Since (10.31) is linear, any linear combination of these solutions
still represents a solution.

Proof. To prove that u, is a solution of (10.31), it is sufficient to note that

R [ dg
V.ulego:O, A(ul)IZZW(B_&):O’
j=1 J
since the differentiation order with respect to the variables X; and X; can be
reversed, and ¢ is a harmonic function.
When considering the second displacement field, we get

9D 9d
uzj=4(1—u)q>,—q>,—xh87’f=(3—4v)c1>j—XhaT’f,
J J
so that
9D,  0D; 92®,
V.uy=0B-14 S _x =2(1-2v)V-®,
w = ( v)an 9, e ( V)

J
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since ® is harmonic. Moreover,

azuzl 0 acI>h
Aun; = X, Soh
wi =D oy = )Z ax2 ax ax; ( ’ax,-)

and, since

o 0d; 2P
0D ()0 (00 P
ax; ox; \""ax; )~ ax; \ ox; 0X ;0X;

it holds that
Allz =-VV.d.

It is now easy to verify that u; is a solution of (10.31). O

By introducing convenient hypotheses concerning the elastic coefficients as well
as the differentiability of the functions, we can prove that any solution of (10.31)
can be expressed as a combination of u; and u,.

In addition, we can also verify that, if the boundary surface has a symmetry axis
X3 and the displacement components in cylindrical coordinates (r, ¥, X3) are

u = u(r,X3), wuy =0, uz=us(r, X3),

then there are two scalar functions ¢ and ® such that the displacement can be
written as u = u; + u,, with ® = ®aj;, where a; is the unit vector of the axis X3.2

10.6 Saint-Venant’s Conjecture

In the previous section we proved two fundamental theorems which assure the
existence and uniqueness of the solution of two boundary value problems of linear
elasticity. However, we said nothing about the form of the solution itself. In the
introductory notes, we stressed the need to resort to numerical methods to find an
approximate form of the solution or to Fourier’s approach, when the region Cs
has a simple form. These considerations show the importance of a method which
allows us to find analytical solutions of equilibrium problems, which we often find
in applications (see [12]).

In the engineering sciences, it is very important to find the equilibrium configu-
ration of elastic isotropic systems S satisfying the two following conditions:

2For further insight into these topics the reader is referred to [15,32].
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o1

7\
LA,
\" / X3

a8
a
>
=]

Xz G]

Fig. 10.1 Example of a beam

* the unstressed reference configuration Cx of S has a dimension which is much
greater than the others; that is, Cyx is a cylinder whose length L satisfies the
condition

L>a, (10.34)

where a is a characteristic dimension of a section orthogonal to the direction
along which the length L is evaluated;

 the body forces are absent and the surface forces act only on the bases of the
above cylinder.

A system satisfying these conditions is called a beam. Let C, be the cylindrical
reference configuration of the elastic isotropic system S, o; and o, its simply
connected bases, o; the lateral surface of C., and OX;X,X3 an orthogonal
coordinate system having the origin in the center of mass of 0, and the OXj3-axis
along the length L of the cylinder (see Fig. 10.1).

The method, due to Saint—Venant, which allows us to find explicit solutions of the
equilibrium problems relative to a beam can be described in the following way:

1. First, it is assumed that any longitudinal planar section o of Cx containing the
axis X3 is subjected to a stress t,, whose component along the X3-axis is the only
component different from zero; that is,

t, = Tn = t,e; Vn L es, (10.35)

or equivalently
T11 =€ Te1 = 0, T12 =€ - T62 = 0, Tzz =€ Tez =0. (1036)

Then the most general solution satisfying these conditions is determined by the
equilibrium equations. This procedure is called a semi-inverse method.

2. The solutions found in step (1) are used to determine the fofal force and torque
acting on the bases. By using the Saint—Venant conjecture, which is discussed
below, they are supposed to represent a good approximation of the equilibrium
solutions corresponding to force distributions on the bases with the same total
force and torque.
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Let us now examine these steps in detail. In our hypotheses, the equilibrium
equations can be written as

pAu+ (A 4+ pw)VV-u=0 on Cy, (10.37)

and it is possible to prove (see [4, 35], and [12]) that the most general solution
of (10.37) satisfying the conditions (10.36) is given by the following functions:

u = c1 +y3X2— X3

1
—k {Cl()X] + Eal(Xlz — X22) + a X1 X>
1
+ Xalbo Xy + 21 (X7 = X3) + b X o]}

1 1
+o XoX5— 5a1X32 - gblxg, (10.38)

U = ¢ +y1X3—y3Xi

1
—k {apX> + Eaz(Xzz - X))+ a1 Xi X,
1
+ X3[bo X2 + Ebz(Xzz —X}) + b X1 Xo]}

1 1
—a X1 X5 — §a2X32 - gbz)(g, (10.39)

us = c3 + 2 X1 — i Xo + Xs(ao + a1 X1 + a2 X>)
1 1
+ 5X32(b0 + b1 X, + by X5) — 5bo(xl2 + X}
— b X1 X} — b X7 Xy + ayr (X1, X2)

+ bim (X1, X2) + bama (X1, Xa), (10.40)

where ¢y, ¢2, ¢3, V1, Y2, V3, Ao, A1, A2, by, by, by, and « are arbitrary constants and
(X1, X2), m (X1, X»2), and (X, X,) are arbitrary harmonic functions; i.e.,

Ay = An = An, = 0.

If the axes OX; and OX, are chosen to coincide with the inertial axes of the

bases, we have
/X]dUZ/X2d0=[X1X2dU=0,
[op) [op) [op)
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and it is possible to verify that all the solutions (10.38)—(10.40) satisfy the boundary
condition

TN=0 ono, (10.41)

for any choice of the constants ¢y, ¢, ¢3, V1, V2, V3, 4o, @1, d2,bo, b1, by, and «,
if by = 0 and the functions ¥ (X, X3), n1(X1, X2), and 1,(X, X;) satisfy the
following Neumann boundary value problems:

Ay =0 onoy,

d

% =—-X,N + XN, on 80’2,

An; =0 on oy,

d kX? 2—k)X?

d_x = 1 ) (2 ) 2N1 + (2—|—k)X1X2N2 on 30’2,
An, =0 on oy,

d kX2 4+ Q2 —-k)X?

d_;?\?: 2+(2 ) LN, + 2+ k)X, X,N; on d0,.

Suppose that the functions ¥ (X, X2), n1(X1, X2), n2(X1, X3) have been deter-
mined (up to a constant) by solving the previous boundary problems. Then the
family of solutions (10.38)—(10.40) satisfies the equilibrium condition (10.37) and
the lateral boundary condition (10.41) for any choice of the constants c1, ¢3, ¢3, Y1,
V2, V3, do, A1, d2,b1, b2, and @, since by = 0, in order to satisfy (10.41).

It remains to impose the remaining boundary conditions

TN1:t1 onoi, TNzth on o0y,

on the bases of the beam. It is quite evident that it is impossible to satisfy these
functional conditions with the remaining constants cs3, y1, y2, ¥3, do, a1, d2, b1, by,
and «. Therefore these constants are determined by requiring that the fotal force R
and torque M evaluated starting from the solution (10.38)—(10.40) coincide with the
total force G and torque L of the force distributions t(X) (see (7.20)) on the bases of
the beam. In this regard, we remark that, owing to the conditions (10.8) and (10.10),
the forces acting on the bases are equilibrated so that

R=R +R,=0M=M,+M, =0,

where R; and M; denote the total force and torque on the basis o;, respectively.
Consequently, the total force and torque of the surface forces, evaluated starting
from the solution (10.38)—(10.40), will balance the applied forces on the bases if
and only if

R, = G», M, = L. (10.42)
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If we introduce the notation

= —/dea 03 = /dea

where A is the area of 0y, it is possible to verify (see [12]) that conditions (10.42)
lead to the following expressions for the undetermined constants:

R R
b= . b=, (10.43)
AEy pi AEyp;
R; M, M,
ao = -/, a1 = — 5, d2 = ) (10.44)
AEY AEypl AEypz
E
My=———12A(p? + za—b/ 2—k)X; — 4+ kXX, do
V=~ |24+ e [ [0 -0~ @ +bxix

—b, / [(2—Kk)X? — (4 + k)X, X3] do

31ﬂ oy ony
2 |x
/Uz[ ‘( X, ooy, X, b28X2

Yy an a2
- X b b d
2( X, + IBXI + ZBX])} 0},

(10.45)

where, R, Ry, R3, M|, M,, and M3 are the components of R, and M, respectively;
moreover, Ey is Young’s modulus (see (7.20)) and A is the area of 0,. The coeffi-
cient g of o appearing in (10.45), which has the form

_E > o oY Iy
"_z(1+k){2A(p'+p2) /JZ[X‘aXz Xzaxl}da}’

is called the forsional stiffness and can be proved to be positive.

Finally, we note that the constants ¢, ¢», ¢3, ¥1, V2, and y3 are not relevant, since
they define an infinitesimal rigid displacement.

In conclusion, the previous procedure has led us to a set of three functions
satisfying the equilibrium equations, the boundary condition of vanishing forces
on the lateral surface of the beam, and the further condition that the total forces
acting on the bases are globally equilibrated and have the same resultant and torque
of the surface loads, applied on the bases. It is evident that these functions do not
represent a solution of the posed boundary value problem since they do not satisfy
the boundary conditions on the bases at any point of 0| and o5.
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The Saint—Venant conjecture consists of supposing that these functions repre-
sent a good approximation of the effective solution of the above boundary value
problem. More precisely, Saint—Venant hypothesized that forces having the same
resultant and torque produce the same effect on the beam regardless of their
distribution on the bases, except for a small region near the bases themselves.

This conjecture allows us to consider the three functions we found as the solution
of our equilibrium problem. The conjecture has not yet been proved in the above
form (see the end of this section); however, because of its fundamental role in linear
elasticity, it is also called the Saint—Venant principle.

10.7 The Fundamental Saint—Venant Solutions

The solution proposed by Saint—Venant depends on six constants ag, ai, dz, by,
by, and «. In other words, by setting all but one of these constants equal to zero,
six families of solutions are determined. Due to the linearity of the equilibrium
boundary value problem, any linear combination of these six solutions is also a
solution.

Let us now discuss the meaning of some deformation patterns.

1. Pure (compression) extension
The constant ag # 0 and all the other constants vanish, so that we have
(see (10.38)—(10.40) and (10.43)—(10.45))

up = —kaoXi, u=—kaoXo, uz=—kaoXs,

10.46
Rl = RZZO, R3:AEya0, Ml :M2:M3:O. ( )

In other words, the beam is subjected to forces orthogonal to the bases,
stretching or compressing the beam (see Fig. 10.2). Each planar section remains
planar and the deformation is independent of the form of the basis o5.

2. Uniform bending
The constant a; # 0 (or a, # 0) and all the other ones vanish so that we have
(see (10.38)—(10.40))

a

*

X,

Fig. 10.2 Pure extension (compression)
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X

Fig. 10.3 Uniform bending

1
u = —Eal[k(Xlz - X))+ X3, w=-a1X1Xa, us=a1X1Xa,

R1 = R2 = 0, R3 = 0, M1 = 0, M2 = —Ap%al, M3 =0.
(10.47)

The forces acting on each base are equivalent to a couple lying in the plane
OX, X3 (see Fig. 10.3). The rulings of the cylinder become parabolas in this
plane. The sections of the beam which are orthogonal to OX; remain planar
and all their planes contain the point (—al_l, 0,0) on the X;-axis. Finally, the
deformation is again independent of the form of o,.

3. Nonuniform bending

The constant by # 0 (or b, # 0) and all other ones vanish so that we have
(see (10.38)—(10.40))

1 1
u = —Ebl [kX3(X12 —X22) - §X331| 5 Uy = —kb1X]X2X3,

1
uz = by |:§X1X32—X1X22 +771(X1,X2):|,

Ry = AEypthy, R, =R3=0, M, =M,=0,

41 + k
%M3 =b1/ [(2—K)X; —(4+ kXX, do
Y o2
an an
2b X — — Xo,— | do. 10.48
+ 1/02( 19X, 28X1) o ( )

The forces, which are equivalent to a unique force parallel to the OX;-axis
plus a couple contained in o, (see Fig. 10.4), act on each base. The sections of
the beam undergo a bending depending on 7;; that is, of the form of o5.

4. Torsion
The constant o # 0 and the others vanish so that we have (see (10.38)—(10.40))
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X

Fig. 10.4 Nonuniform bending

Xi

Fig. 10.5 Torsion

u = aX1X3, up=—aX1X3, uz=oay(X, X)),
Ri=Ry,=R3=0, Mi=M,=0,

B P S N (S AP
M3—a2(1+k){A(p1+p2) az(XlaXZ X28X1 doy .
(10.49)

On each base acts a force which is equivalent to a couple lying on the base
itself. Every ruling becomes a cylindrical helix and «/ is a measure of the angle
between two sections which are [ apart (see Fig. 10.5).

As already mentioned, Saint—Venant’s conjecture is so useful when dealing with
elastic systems whose geometry is such that one dimension dominates the others
that it is often referred as a principle. In this context, we ask ourselves if Saint—
Venant’s solution does represent a sufficient approximation of the true solution and
if a rigorous mathematical proof of this principle can be given. For instance, for a
beam with sharp edges, the first derivatives of the effective solution are singular
at such points; therefore, Saint—Venant’s solution, which is supposed to be regular,
cannot be a convenient approximation.

Finally, we close this section with a result due to Toupin (see [65]), which
represents a partial proof of Saint—Venant’s conjecture.

Theorem 10.6. Let S be a cylinder of length 21 and denote as C(Z, Z,) that part
of it which is obtained by varying the coordinate X5 from Z| to Z,. If
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U(X3) = / (QuE;; Eij + AE;; Ejj) dc
C(—1,X3)

is the elastic energy of the portion from the section oy (of coordinate —I) to the
section of coordinate X3 and, moreover, the section oy is free, then

U(X3) < I_X3
u) —V"”"’(_ y )

where yy and y depend on the geometry and elastic properties of S.

This theorem states that the elastic energy relative to the portion between the
coordinates —/, z, compared to the energy relative to the whole cylinder, decays
exponentially as the section of coordinate X3 moves away from o,, toward the free
section o7.

10.8 Ordinary Waves in Elastic Systems

In order to describe the wave propagation in linear elastic and anisotropic systems,
it is enough to apply the general theory presented in Chap. 8 (10.6),, which allows
us to state the following:

Theorem 10.7. The amplitude of an ordinary wave propagating in the direction n
is an eigenvector of the acoustic tensor Q(n), and the normal velocities ¢, are linked
to the positive eigenvalues A of Q(n) through the formula

[ A
cp=x,—. (10.50)
P

Proof. When (8.44) and (8.45) are referred to the system (10.6);, we obtain the

jump system
%u; u;
|5 )] = e[l ]] 103

By applying the kinetic conditions (4.40)—-(4.42), we get the following eigenvalue
problem:

(Q(n) — pxcyDa = (Q(n) — ADa = 0, (10.52)

where a is the amplitude of the discontinuity, n is the unit vector normal to the
surface o (¢), and Q(n) is the acoustic tensor

0ij(m) = Cijpenpng. (10.53)

a
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In Sect. 10.2 we proved some theorems of existence and uniqueness that are
based on the assumption that the elasticity tensor C is positive definite. For other
theorems of existence and uniqueness, relative to the solution of the equilibrium
boundary problems, it was necessary to require that C be strongly elliptic. The
following theorem proves that the assumption that C is positive definite is also
fundamental when dealing with wave propagation.

Theorem 10.8. If the elasticity tensor is positive definite, then the acoustic tensor
Q(n) is symmetric and positive definite.

Proof. First, we note that the acoustic tensor is symmetric, due to the symmetry
properties (10.2) of the elasticity tensor. Furthermore, these symmetry properties of
C allow us to write, for any v,

1
Q;jm)v;v; = Cijppvivinphy = Zcijhk("inh +vpni)(ving +venj).
Since the tensor v;n;, 4+ vun; is symmetric and C is positive definite, then

Qij(m)v;v; > 0.

Given a propagation direction n, a wave is said to be a longitudinal or dilational
wave if

a||m; (10.54)
it is called a transverse or shear wave if
a-n=0. (10.55)

With this in mind, we prove the following:

Theorem 10.9. Let C be symmetric and positive definite. Then, given a propaga-
tion direction n, the following cases are possible:

1. There are ordinary waves propagating in the direction n with three different
velocities; moreover, their amplitudes of discontinuity are mutually orthogonal,;

2. There are waves propagating in the direction n, with only two different velocities;
one of these is related to waves whose amplitude has a fixed direction, whereas
the other velocity is related to waves having amplitudes in any direction, but
orthogonal to the first one;

3. There are waves propagating in the direction n with only one velocity and
amplitude vector in any direction;

4. Finally, there is at least one direction m; characterized by longitudinal and
transverse waves.
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Proof. The points (1), (2), and (3) derive from Theorem 10.7 and from the fact
that the acoustic tensor is symmetric and positive definite. To prove the property
(4), note that, given (10.54) and (10.52), the ordinary wave propagating along n is
longitudinal if n is an eigenvector of the acoustic tensor

(Q(n) — pc;In = 0,

so that we have to prove that the mapping n — Q(n)n has at least one eigenvector.
Since Q(n) is positive definite, it holds that

n-Q(n)n > 0, Q(n)n # 0. (10.56)
As a consequence, the function

Q(m)n

1™ = 1Qan|

(10.57)

maps unit vectors n into unit vectors. However, it cannot be that
I(n) = —n,
corresponding to

n-Q(n)n B

Qn|

since this contradicts (10.56). By invoking the so-called theorem of fixed points, the
function (10.57) has at least one fixed point; i.e., there exists a unit vector n; such
that

I(n;) =n,.
By considering (10.57), we see that

Q(m))n; = |Q(n))n;|n; = Any,

and the theorem is proved. O

Only if the material exhibits additional symmetries, i.e., only if the material has
an inherent reference frame are there preferential directions of polarization for the
wave.

With this in mind, we now consider the case of transverse anisotropy, also called
orthotropy of revolution. This is of particular relevance for geological media.

This assumption means that there is a plane (0x;, Ox,) in which all the directions
are equivalent and there is an axis Ox3 of orthotropy. The number of independent
elastic constant reduces to 5, namely:
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Cinit = Gz, Crz3 = Crizz,  Ciziz = Coss,
Cis3 and  Ciin, (10.58)

C‘1212 = %(Cllll - C1122)~

All the other constants are equal to zero.

If the direction of propagation is oriented along the orthotropic axis, i.e., n = n3,
then we can infer the existence of a longitudinal wave moving with speed of
propagation

cp = +/Cs333/p

and two transverse waves moving with speed of propagation

cs = VCis13/p = v/Caz3/p.

If n-n; = 0, i.e., the propagation vector belongs to the plane of isotropy, then
there is a longitudinal wave propagating with speed

cr = vVCun/p = VCon/p

and two transverse waves. One of the latter waves is polarized in the direction of nj3,
i.e., it has its amplitude in this direction, and propagates with speed

cs = vVCiaiz/p = v/ Casns/p,

whereas the other is polarized in the isotropic plane and moves with normal velocity

cs = v/ Cii2/p.

These aspects are particularly useful when using wave propagation as a tool for
identifying the elastic properties of geological media.

If the elastic system is isotropic and homogeneous, then the elasticity tensor
assumes the form (10.3) and the acoustic tensor is written as

Qm) = (A + wn®n + ul (10.59)

It is important to determine the conditions which the Lamé coefficients A and p
must satisfy in order that the elasticity tensor be strongly elliptic and the acoustic
tensor be positive definite.

The answer relies on the following theorem:

Theorem 10.10. Given an isotropic, homogeneous, linear elastic material, if

A4+2u>0, >0, (10.60)
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then the elasticity tensor is positive definite and the acoustic tensor is symmetric and
positive definite. Moreover, in any direction n there are longitudinal waves whose
velocity is

A+2u
Px

CPZZE

(10.61)

and transverse waves whose velocity is

cs =+ /pﬂ. (10.62)

Moreover, the amplitudes of these last waves lie in a plane normal to n.

Proof. By considering (10.3), we see that the elasticity tensor becomes

3
Cijnbijbme = (A +200) Y&+ 2u(Eh + £ + £)

i=1

so that, if (10.60) holds then C is positive definite. It follows that the acoustic
tensor is symmetric and positive definite. In addition, the eigenvalues problem for
the acoustic tensor Q(n) is

(A 4+ wn®n+ uha = p.cla.

Assuming an orthogonal base system with origin at the point x of the wavefront and
the OX-axis along n, we can write the previous equation as

A + 2/L 00 a) ay
0 no a | = p*c,% ar
0 Opu as as

The characteristic equation becomes
(A + 21 — pac]) (1 — pacy)” =0

and (10.61), (10.62) are proved. In addition, it can be shown that the eigenvectors
corresponding to the first value of the velocity have the form (aq,0,0), so that
the wave is longitudinal; the eigenvectors associated with the second value of the
velocity have the form (0, ay,a,), so that the wave is transverse and orthogonal
to n. O

When ¢, is known, the evolution of the wavefront f = const can be derived
(see Chap. 4) from the equation
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1 af

KT

When dealing with isotropic, linear elastic materials, the results of the previous
theorem can also be obtained by using the decomposition suggested by Helmholtz’s
theorem:

Theorem 10.11. A vector field u, which is finite, uniform and regular and vanishes
at infinity, can be expressed as a sum of a gradient of a scalar potential ¢ and the
curl of a vector W whose divergence is zero:

u=u + up,
where
u=Veg, u,=VxV¥, V.¥ =0 (10.63)

We use this theorem without proving it. Substitute (10.63) into the (10.7) to
obtain

psi= A +2u)V(V-u)—uV x(Vxu), (10.64)

and rearrange the operators to obtain the equations

2

P P
Vi pios - Vx| persy — —0. .
[p o — (A4 20 A¢>} +V x |:p = MA\I’} 0 (10.65)

Equation (10.65) implies that the potentials ¢ and W satisfy D’Alembert’s
equation, i.e.,

P
pry = (h+21) A9, (10.66)
92w
e = AW 10.67
Pxa =M ( )

The first displacement field u;, obtained from the potential ¢ as a solution
of (10.66), represents a wave propagating at a normal speed

[A+2u
cp = )
Px

V.u #0, V xu =0,

and, since
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we conclude that an irrotational displacement produced by the wave generates
volume changes. Furthermore, if we consider a plane wave represented by the
solution

¢ =¢m-X—cpt),

then the displacement u; = V¢ = n¢ is parallel to the propagation direction, so
that the wave is longitudinal.
The second field u, = V x W describes waves propagating at a normal speed

M
Ccs = —
Px

and satisfying the conditions
V-ll2=0, VXuz#O.

Again, by considering a plane wave ¥ = W(n - X — cgt) and the corresponding
displacement

Ww=VxV¥=nxW,

we have that n - u, = 0 and the wave is transverse.

10.9 Plane Waves

In this section we consider plane harmonic waves whose displacement field is
represented by

2
u(X,t) = Acos (Tnn X —wt + gp) = Acos(k- X —wt + ¢). (10.68)
The absolute value of the constant A is called the amplitude, n is the propagation

unit vector, w is the circular frequency,

k|
2w

is the wave number, A is the wavelength, and ¢ is the phase. In the following
discussion,
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denote the frequency and the period, respectively, and

a=fA= (10.69)

1)
k
is the phase velocity.

The propagation of these waves will be analyzed in spatial regions with the
following geometries:

1. a homogeneous and isotropic half-space y > 0, whose boundary y = 0 is a free
surface, i.e.,

TN =0, (10.70)

where N is the unit vector normal to the surface y = 0. This case is relevant
when we investigate reflection phenomena and prove the existence of Rayleigh
surface waves;

2. adomain formed by two homogeneous and isotropic media, whose interface y =
0 is characterized by the jump conditions

[[u]] = 0. [[TN]] = 0. (10.71)

This case is relevant when we investigate refraction phenomena,
3. alayer of limited depth. This case is relevant when we investigate the Rayleigh—
Lamb dispersion relation.

In all the above cases, a boundary problem is formulated and we search for a
solution by using the method of separation of variables. Without loss of generality,
the direction of propagation defined by the unit vector n is supposed to lie on
the plane xy. This is a vertical plane, whereas the xz-plane, which represents the
boundary surface of the half-space, is the horizontal plane. The displacement u,
produced by longitudinal waves is in the direction n, so that it lies in the vertical
plane, whereas the displacement produced by transverse waves is normal to n.
The components u, and u;, lie on the vertical plane and in the normal plane to n,
respectively (see Fig. 10.6).

The selected reference system is such that the vector k has only two components
(k, p), so that

k-X=kx+ py.
Furthermore, by using Helmholtz’s theorem, the displacement u is expressed

by (10.63). In particular, since the motion is independent of z,% the displacement
components are

3This is related to the assumption of plane waves, so that all the physical quantities are independent
of z.
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a AN

h-plane /

Up

v-plane

wavefront
Fig. 10.6 Plane waves

0 o
_9¢ 9%
ax ay
09 0V,

(10.72)

Uy

and the condition V - ¥ = 0 becomes

W, ow
42 (10.73)
0x ay

The mathematical problem of determining solutions in the half-space y > 0 reduces
to finding the solution of the equations (10.66) and (10.67):

Pp P 10%

ks = __r 10.74
ax2 - dy2 ek o’ ( )

Pl | PV _ 10

eI e 1,2,3, (10.75)
s

when the initial and boundary conditions are given.
To do this, consider the Eq. (10.74),* and search for a solution in the form

¢(x,y,t) = XxX)Y(Y)T (). (10.76)

“The same argument applies to (10.75).
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By substituting (10.76) into (10.74) we get

X// Y// 1 T// a

x'y-arTa 1077
where a is a constant. Then from
T
T ¢
by assuming ¢ = —w?, we derive the solution
T(t) = A, sinwt + B, coswt, (10.78)

which expresses the harmonic character of the wave under consideration. Further-
more, from (10.77) it follows that

and, since we are searching for harmonic solutions in at least one of the directions
x and y, by assuming b = —k?, the following system holds:

Y” _ k2 wz (10.79)
Y 2

The first equation represents the propagation in the x-axis direction
X(x) = Ay sinkx + By coskx, (10.80)
and the solution (10.76) becomes
o(x,y,t) =Y(y) (Aysinkx + B, coskx) (4, sinwt + B, coswt). (10.81)

In order to find the function Y (y), two cases have to be distinguished:

kz - w_z Z 0,

;1; (10.82)
k2 iy <0

C
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Similarly, for the Eq. (10.75) we get

Yo (x, y.1) = Yo (y) Xa(x)To ()
= Y, (y) (Ayg sinkyx + Byy coskyx) (Asq Sinwyt + Biy cOS wyt)
(10.83)

where @ = 1,2, 3, and any function Y, (y) depends on the choice of one of the two
cases

5o (10.84)

In particular, by assuming (10.82), and (10.84),, we have

Y(y) = A, sin py + By cos py,

Yo(y) = Aygsingey + Bygcosqyy, a =1,2,3, (10.85)
where
2
P = a)_2 _k2’
p

602
Pu= =3~k a=123 (10.86)
s

In the following discussion, it is convenient to use Euler’s formulae
cosf +isinf =e? cosf—isinp =e’, (10.87)
which allow us to write (10.85) in the exponential form
Y(y) = Aye™” + Be'?”,
Yo(y) = Ayge 7Y + Byge'? o =1,2,3, (10.88)
where the constants A, By, Ay, and By, are properly defined.’ By applying the

same exponential form to X (x), T(¢), X, (x), and T (¢), (10.81) and (10.83) can be
written as

51t can be proved, starting from (10.87), that the expression

Csinf + Dcosp
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d) — (Aye—ipy + Byeipy)(Axe—ikx + BxeikX)(Ate—iwt + B,eiwt),
W, = (Ayqe 7Y + Bye'P?)(Ayge *o" 4 B ye'ter) (10.89)
X (Asge ! + Bige'@el).

where again all the constants have been defined.

In order to appreciate the mathematical aspects of the problem, we observe
that the uniqueness of the solution in the half-space y > 0 needs to define the
following:

1. the initial conditions, i.e., the values of the functions ¢ and ¥, and their time
derivatives at the initial instant;
2. the asymptotic conditions, i.e., the behavior of ¢ and V¥, if x — +o0 and
y —> 00;
3. the boundary condition (10.70), which is equivalent to three scalar conditions on
the surface y = 0.
In addition, (10.73) must be taken into account.

In this way we obtain 8 4+ 12 + 3 + 1 = 24 conditions for the 24 constants
in (10.90). However, the periodic dependence on the variables x, y, and ¢ rules out
both the initial and asymptotic conditions. As far as the initial data are concerned,
it is always possible to eliminate the constants B; and B, and to put A, and
A, into other constants, in order to reduce their number to 16. Moreover, in the
absence of asymptotic conditions, the remaining constants are still undetermined.
In conclusion, we are faced with a problem in which 16 constants are limited by
4 conditions so that it admits co'? solutions. We will need to give to some of these
constants a convenient value, depending on the relevant aspects of the problem under
consideration.

In order to evaluate (10.70) and (10.71), it is useful to write down the components
of the stress tensor. From (7.18), (10.72), since

P P
Ap = (@ + W) :

can be written as
C’éf 4 D'e7P,
with

C'+D' =C,i(C' —D')=D.
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it follows that

2p P,
T, = AA 2u | —
11 ¢+ H(8§c2+82xay)’

ad a*w
T2221A¢+2M(—¢ 3),

ay2  dxdy
T53 = AA¢,
Rp 1 [PV, P,
T, =2 — —
2 =ch |:8x8y 3 ( dy2 dx2 )i| '

2 >
Tz3=M(a \112_8\111)’

dydx  0dy?
A T
=R dydx  9x2 )’

10.10 Reflection of Plane Waves in a Half-Space

10

Linear Elasticity

(10.90)

In the discussion below, longitudinal waves will be denoted by P, whereas transverse
waves will be denoted by SH if they are polarized in the horizontal plane (Fig. 10.7)
or by SV if they are polarized in the vertical plane (Fig. 10.8).

When the interface between two media is free, then there arises a simple
reflection characterized by the conversion of modes, i.e., an incident longitudinal
or transverse plane wave gives rise to two reflected waves, one longitudinal and the
other transverse.

~
h-plane Nf
» X
SH wave
Vv wavefront

Fig. 10.7 SH waves
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><V

SV wave

wavefront

Fig. 10.8 SV waves

On the basis of the previous remarks, it is always possible to set B; = 0. Then, by
developing the products in (10.90),; and by conveniently denoting the multiplicative
constants, we obtain 4 terms whose wave vectors are

(k,=p). (k. p). (k.p), (=k.—p).

Apart from a symmetry with respect to the Oy-axis, the last two wave numbers
refer to waves propagating in the same manner as the first two. Since the same
arguments apply to W,, we lose no generality by writing

¢>(x,y,t) — Aei(kx—py—a)t) + Bei(kx+py—wt),
U, (x,y,1) = Aaei(kax_Pay_wat) + Baei(kax-i-lﬂay—wat), (10.91)

where o = 1,2, 3. These functions must be determined through the conditions
T21 = T22 = T23 =0 for y = 0, (1092)

which are deduced from TN = 0 for y = 0, where N has components (0, 1, 0).

From (10.72) we deduce that u, and u, depend on ¢ and W3, which are the
potentials describing P and SV waves; similarly, u, only depends on W¥; and
W,, which describe SH waves. Accordingly, it is convenient to split the problem
into two other problems, the first related to the displacement field represented by
(ux, uy, 0) and the second described by (0,0, u;).
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(a) P and SV waves

a¢p N oV, dp  0¥; 0
Uy = — —_, U, = — — —, u, =0,
To0x 0 Ay Y9y ox ¢ (10.93)
T21 IO, T22=0 fOI'y:O.
(b) SH waves
v,  J0v,
uy =u, =0, u,=——++—,
dy ax
w0 1094
ox dy ’
T3 =0 fory=0.
P and SV Waves
From (10.91) and (10.93) it follows that
¢(x,y,t) — A(IP)ei(kx—py—wt) + A(RP)ei(kx-pr—wt),
W3(x, y, 1) = A(Igy)e' P00 4 A(Rgy)e! 83 Fmy=es - (10.95)

where the constants A and B have been changed in order to highlight their physical
meaning: the first term in (10.95); represents the amplitude of the P wave incident
in the direction kp = (k,—p,0), whereas A(Rp) is the amplitude of the P
wave reflected in the direction k/P = (k, p,0). A similar meaning is attributed
to A(Is), which denotes the amplitude of a SV wave incident in the direction
ksy = (k3,—p3,0), whereas A(Rgy) is the amplitude of the SV wave reflected
in the direction k’SV = (k3, p3,0). In this way, (10.95); describes two plane waves;
the first one is incident with respect to the surface y = 0 at an angle 6,, called the
angle of incidence, and the second one is the reflected wave, with the corresponding
angle of the same amplitude, called the angle of reflection. If Osy denotes the
angle between the SV ray and the normal N to the plane of incidence, then the
same considerations apply to (10.95),. The above functions represent a solution of
the problem posed if the constants in (10.95) can be found such that they satisfy the
boundary conditions (10.93),. From the above remarks, it follows that

k =kpsinf,, p=kpcost,,
k3 = kSV sin 0951/, p3 = kSV Ccos esv, (1096)
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where

kp = VK> + p* ksy = \Jk3 + p3.

By substituting (10.95) into the first part of (10.93), and by also taking into
account (10.90), we can prove that the following equation holds:

k% sin(260p)e'*(A(Ip) — A(Rp))

) 10.97
—k%y cos(205y)e’ " (A(Isy) + A(Rsy)) =0, ¢ )

where
W =kpxsinfp —wt, u3 = kgyxsinbgy — wst. (10.98)
Since x and ¢ are arbitrary, (10.97) is satisfied only if

kpxsinfOp — wt = kgyx sin gy — wst,
k% sin(20p)(A(Ip) — A(Rp)) (10.99)
—k%y cos(20sv)(A(Isy) + A(Rsy)) = 0.

Similarly, from (10.99), it follows that

w = w3,

kp sin 91:' = kSV sin 95[/. (10100)

Substituting (10.95) into the second part of (10.93), and considering (10.90)
and (10.100), we see that

cos(20sy)(A(Ip) + A(Rp))

10.101
+sin(20sy)(A(sy) — A(Rsy)) = 0. (1010

Furthermore, if we introduce the ratio

_ksy _cp

=57 _ 1,

kp Ccs

where cp and cg are the normal speed of the longitudinal and transverse wave,
then (10.100); allows us to give the boundary conditions the form

sin fp

w = w3, — =§>1,
Sll‘l@SV

sin(20p)(A(Ip) — A(Rp)) — 8% cos(20sy)(A(Isv) + A(Rsy)) =0,
cos(20sy)(A(Ip) + A(Rp)) + sin(20sy)(A(Isy) — A(Rsy)) = 0.
(10.102)
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0 >
0p o
n 0p
v
N 0 reflected P
incident P SV
reflected SV
A4

Fig. 10.9 Reflection of waves

The conditions (10.102) give rise to the following remarks.

Both waves have the same frequency. The condition (10.102), gives the ratio of
the angle of incidence of P and SV waves. The last two conditions allow us to link
two of the four constants A to the other two, arbitrarily selected. Let us now consider
some relevant cases.

¢ First, assume that A(/5y) = 0. Then from (10.102); 3 it follows that

A(Rp)  sin(20p)sin(20sy) — 82 cos*(20sy)

A(Ip) - sin(20p) sin(20sy) + 82 cos2(20sy)’
A(RSV) . 2 sin(20p) COS(2esv)

A(Ip) — sin(20p)sin(20sy) + 82 cos?(20sy)’

(10.103)

where gy is expressed in terms of 0p and § throughout (10.102),. This result
shows that an incident P wave whose angle of incidence is Op gives rise to
two reflected waves, the first is a P wave having the reflected angle equal to the
incident angle, and the second is an SV wave having a reflected angle 05y < 0p,
according to (10.102), (see Fig. 10.9).

In other words, the single P wave generates two reflected waves, P and SV;
this phenomenon is referred to as mode conversion. Furthermore, from (10.103)
it also follows that

— if the P wave is normal to the plane of incidence (6p = 0), A(Rsy) = 0, and
there is only one reflected P wave; and
— if the angle of incidence satisfies the condition

sin(260p) sin(20sy) — 82 cos?(265y) = 0,

then there is only the reflected SV wave.

e Let us now consider the case of an incident SV wave. Since A(Ip) =0,
(10.102)3 4 give
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A(Rsy) _ sin(20p) sin(205y) — 8% cos*(20sy )
A(lsy) N sin(260p) sin(20sy) + 82 cos2(20sy) ’
ARp) _ 82 sin(46sy)

A(lgy) - sin(20p) sin(20sy) + 82 cos?(2635y1) '

(10.104)

This result shows that an incident SV wave whose angle of incidence is Ogsy
gives rise to two reflected waves; the first one is an SV wave whose angle of
reflection is equal to the angle of incidence, and the second is a P wave whose
angle of reflection is Op > Ogy, according to (10.102),.

If sy = 0,7/4, then the reflected waves are SV waves of amplitude
—A(Isy), A(Igy). Furthermore, from (10.102), follows the existence of a limit
value for the angle of reflection of an SV wave:

1
(Osv)iim = arcsin 5 (10.105)
for which the reflected P wave moves in the x-direction. If
sin(260p) sin(20sy) — 82 cos?(265y) = 0,

then the SV wave is reflected as a P wave.

SH Waves

From (10.91), it follows that

U (x,y,t) = Alei(klx—ply—wlt) + Blei(k1x+p1y—w1t), (10.106)
Uy(x, y,1) = Ayeitkex—p2y=mt) L B pilkaxtpry—wat)

Since these functions must satisfy the boundary condition (10.94);, we get
Pi(Ar + B 4 ke py(A; — By)e! ) =0,

and, by noting that x and ¢ can be arbitrarily chosen, when (10.86), is taken into
account, it follows that

ki =k, o = w,

10.107
pi(Ay + BY) = ky(A; — B). (10-107)

By introducing Helmholtz’s decomposition (10.94),, we get

k1A1 = p1A2, k1B1 = —ple, (10108)
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so that (10.107), becomes
(A1 + B)(pt —k}) =0,
and finally
Ay = —B,, or pi=ki (10.109)

By paying attention to the first relation of (10.109), the only one of practical interest,
and also taking into account (10.108) and (10.109), we see that (10.106) can be
written as

Uy (x,y,1) = Alei(klx—my—wlf) _ Alei(k1x+171y—w1t)’ (10.110)
o, 1) = (ki ) Arel P00 (e py) Ayl o,

The displacement u,, due to (10.94); and (10.111), assumes the form

pi+ ki

= (A elkix—piy—wir) Alei(k1x+p1y*wlt)]’

p1
and the following conclusion is proved: an SH wave incident on the surface y = 0
is reflected as an SH wave with the same amplitude and with the angle of reflection
equal to the angle of incidence. In this case there is no mode conversion.

10.11 Rayleigh Waves

In the previous sections we proved that, in an elastic unbounded medium, there
are two waves: a longitudinal, or dilational, wave and a transverse, or distortional,
wave. When dealing with a half-space, it can be proved that there exists an additional
wave, called a Rayleigh wave, which propagates confined only in the neighborhood
of the surface of the medium, with less speed than the body waves; its displacement
decays exponentially with the distance from the surface.

Consider a wave propagating in the x direction, parallel to the surface y = 0,
attenuated in the y direction. Since the displacements occur in the plane Oxy, only
the scalar potential ¢ and the component W3 of the vector potential ¥ have to be
considered.

According to these requirements, we refer to (10.82); and (10.84), by taking the
positive sign for the functions Y(y) and Y,(y), & = 3, in the method of separation
of variables (see Sect. 10.9). Accordingly, it holds that

Y(y) = Aye ™ 4 ByeP?,
Y3(y) = Ase 7V + Byel?, (10.111)
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where
- w?
p=-p=,|kK->
P (10.112)
3
p3=—p3s=|ki— =
Cp

In (10.111), since the wave is supposed to be confined to the surface, it follows that
B, = B3 = 0 and the potentials become

¢% — Ae—ﬁyei(kx—wt),
W = Be P3¢l kavmest), (10.113)

Constants A and B must satisfy the boundary condition TN = 0; in scalar terms,
they can be written as

Th=Tp=0 ify=0. (10.114)
By introducing the potentials (10.113) into (10.90), 4, the first part of (10.114) gives
—2i pkAe’™ + (p3 + k3) Be'™* = 0,
and, since the x-axis is arbitrary, it follows that
k = ks, —2i pkA + (p3 + k*)B = 0. (10.115)
The second part of (10.114) gives
[(A 4+ 2p) p* — Ak A + 2ui pskB = 0. (10.116)

Moreover, taking into account (10.112) with k = k3 and considering the relation
c3/c? = (A + 2p)/, we also find that

0)2

p3+ k> =2k — =,
Cs

Cl)2 a)z
PP+ 2p) — Ak = (kz - —2) O+ 20) — Ak? = p (2k2 - —2) .
CP CS

By introducing these relations into (10.116) and (10.115),, we obtain the following
system:
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2 2
w2 ik k-
c2 c2 A
S S ( ):0, (10.117)

which admits a nontrivial solution only if the determinant of the coefficients
vanishes. By imposing this condition, we obtain the dispersion relation, which

relates the circular frequency w to the wave number k:

, 2 2 5 w? w2
c c c
S N P

Finally, by using the relation

w
=T (10.119)

we derive the Rayleigh equation (1887):

282 2N 172 2 2\ 1/2
( _C_lze) _4(1_0_1;) (1_"_50_12%) —0. (10.120)
3 3 e 3

If the potentials (10.113) are introduced into (10.72) with k = k3, then the

displacement components can be written as

uy = (ikAe™PY — pBe=/) ¢l tkx—on,

uy = —(pAe™P + ikBe PV el kx=en, (10121

The previous results allow us to make the following remarks:

. First, from (10.82); and (10.84);, when considering the positive sign as well as
a = 3, k = ks, and recalling (10.119), we get

CR<cCs <Cp, (10122)

i.e., the Rayleigh wave propagates more slowly than the longitudinal and shear
waves. Furthermore, from (10.120) it follows that the ratio cg/cs depends only
on the ratio c¢p /cg or, equivalently, on Poisson’s ratio; since usually 0.15 < v <
0.3, it follows that 0.90 < cg/cs < 0.93.

. In the relation (10.120) the wave number k does not appear, so that in an
elastic homogeneous medium, surface waves are not dispersive (also see the
next section). To see this, consider a wave which is obtained by superimposing
two waves of different circular frequency w. Due to the linear character of the
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problem we are dealing with, all the wave components have the same phase
velocity and the wave form does not change in time.

3. Since the determinant of the matrix in (10.117) vanishes, the constant B can be
derived as a function of A4:

B 204 1_aye (10.123)
= —Cp/Cp, .
2—ci/cs e

where (10.119) has also been taken into account, so that the displacement com-
ponents (10.121) depend on the arbitrary constant A. Because of the imaginary
unit, these components exhibit a phase difference of 90 degrees. For this reason,
the motion X = (x, y) of a particle near to the boundary is composed of two
harmonic motions along the axes Ox and Oy, characterized by the same circular
frequency and amplitude A and B. The trajectory of X is an ellipse, the major
semi-axis B is normal to the free surface, and the motion is counterclockwise
with respect to the normal at the surface. At the boundary, the normal component
is about 1.5 times the tangential component.

4. Because the motion is attenuated with depth, it is confined to a narrow zone of
about 2 times the wavelength, and this aspect justifies the definition of a surface
wave. This circumstance, as well as the fact that along the propagation direction
the surface waves are less attenuated than the body waves, renders the analysis
of this problem very attractive when dealing with geological sites.

10.12 Reflection and Refraction of SH Waves

If the boundary surface is an interface y = 0 separating two media in contact,
we need to find the displacement and stress continuity across the interface.® It can
be shown that an SH wave arriving at the surface y = 0 from one medium
generates only reflected and refracted SH waves. In the following discussion, the
superscript a characterizes properties of the first medium (y > 0) and the superscript
b characterizes those of the second medium (y < 0). The boundary conditions at
the interface are

u =ub, T = T, (10.124)

Applying Helmholtz’s condition to both media, we can write the governing poten-
tials in the following way:

SIf the media are bounded together, the transverse slip can also occur at lubricated interfaces, a
case not considered here but of interest in ultrasonics, when transducers on lubricated plates are
used to generate and receive waves from solids.
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\I_,lr — A;ei(kfx—pfy—wft) + Blrei(klfx-l-pfy—wft)’ (10125)

TN S SN 4 (LT T,__ T
‘Ifﬁ — Aéel(klx piy—wit) +Bzrez(klx+ply ‘Ult)’ T =a,b.

By inserting these relations into (10.72)3, we can derive the displacement compo-
nent u, in both media:

ut = i (kA3 + pi Af)e T—riv=oin
+i(k{ BY — pi Biye!ixtriv=oin,

ul = i (kP A) + ppAp)ekix—riv=oin
+i(k} By — pp Bpye Koy eln,

(10.126)

and they describe four waves directed along the vectors (k{, —p{), (k{, p}), kb,
—p?), (k. pb). Since the SH wave has been supposed to propagate in the a-
medium, we can write

Ut = Z-A(I)ei(k‘l’x—pfy—a)‘ft) + iA(Rfl)ei(k‘fx—i-pfy—w‘ft)’

z

b
u,

PA(Rfr) CTx=rty=ein (10.127)

where

A(I) = k{ A3 + piAT,
A(RfI) = ki B; — pi By,
A(Rfr) = kb AY 4+ ph Ab, (10.128)

denote the amplitudes of the incident, reflected, and refracted waves, respectively.
Helmholtz’s condition introduces the following relations between the quantities
A, AY,Bf,and B}, T = a,b:

KI(AY + BY) + pl(BE — A%) =0, (10.129)

so that the six constants A{, A4, BY, B, A?, Aé’, which appear in (10.127), have to
satisfy the four conditions (10.124) and (10.129). Therefore, if the characteristics of
the incident wave are given, the solution is completely determined.

If ¢ and 6° denote the angles between N and the propagation vectors of the
incident and refracted waves, respectively, we obtain

k{ =k*sin6?, p{ = k“cos 6,

k? = kb sin Qb’ p{) — kb cos 0})’ (10130)
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where k¢ and k® are the wave numbers. Inserting the displacements (10.127)
into (7.18), we derive

a
T23

—p? pU[—A(I) + A(Rf D))o kix=ein,
b p A(Rfrye kix=etn (10.131)

T3
Taking into account (10.124); and (10.130), we derive the equation

[A(I)_’_A(Rfl)]ei(k”xsin&“—w{‘t) — A(Rfr)ei(kbxsineh—w{’t). (10.132)

The arbitrariness of x and ¢ leads to
, sing¢ ky, c$§
= a)l , T A = —_—= _b’
sin 6 kq g (10.133)
A(I) 4+ A(RfI]) = A(Rfr).

a
W

In turn, the continuity condition (10.124),, when (10.133);, are taken into
account, implies that

wk®cos @[—A(I) + A(RFD)] = —ulk” cos 8 A(Rfr). (10.134)
This condition, together with (10.133)3, gives the wave amplitude ratios

A(Rfr) 2u cos 64
A(I)  pacosBa + pb(cs/ch)cos b’
A(RfI)  p“cos6” — ub(cé/ct) cos 0°
A(I)  pacosfe + pub(cé/ch)cos 6

(10.135)

The previous formulae contain the following results (see Fig. 10.10): Let X be an
SH wave which propagates in the a-medium and is incident on the surface y = 0.
If 6% is the angle which X forms with the vector N normal to this surface, two waves
are generated: a reflected one propagating in the a-medium and forming with N the
same angle 6°, and a refracted wave propagating in the b-medium and forming with
N an angle 0°, which is related to 8% by (10.133), Snell’s law. In particular, in the
limit case

ucos B = ub(cg/cg) cos 67,

3 is completely refracted.
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Fig. 10.10 Reflection and refraction of waves

10.13 Harmonic Waves in a Layer

This section deals with the propagation of P and SV waves in an elastic layer
A of finite thickness 2/, having free boundary surfaces. We introduce a coordinate
system whose origin O is on the plane of symmetry & of A, parallel to the boundary
surfaces, with the axes Ox, Oy on m and Oz orthogonal to 7. The analysis of this
problem is relevant as it allows us to introduce the concepts of dispersion, group
velocity, and frequency spectrum.

The displacement field is represented by the following functions:

Uy = Mx()ﬁy,f),
uy = uy(x,y,1), (10.136)
u, = 0.

From (10.93), the scalar potential ¢ and the component W3 of the vector
potential are relevant, and, by considering the solutions obtained with the method
of separation of variables (see Sect. 10.9) and in particular (10.85), we see that they
assume the following form:

¢ = [Acos(py) + Bsin(py)]e' =",

W3 = [Ascos(ps3y) + Bssin(pzy)] el k¥t (10.137)
where
2
p= -k
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Py = — —ki. (10.138)

By substituting (10.137) into (10.72), », we obtain the displacement components
uy = ik [Acos(py) + Bsin(py)] e *¥=<n

i(k3ax—w3t)
9

+ p3[—Aszsin(psy) + Biycos(psy)]e
uy = p [~Asin(py) + Bcos(py)]e'®—
— iks[A;3cos(psy) + Bssin(psy)] e k3w, (10.139)

By imposing the boundary conditions
Th=0< T, =T»np=0 ify= +h, (10.140)
since x and ¢ are arbitrary, we get
w = w3, k= k3, (10141)
together with the following relations:
2ikp [—Asin (ph) + B cos(ph)]
—(p3 — k%) [A3 cos (psh) + Bssin(psh)] = 0,
—[p* (A +2u) + Ak*] [A cos (ph) + B sin(ph)]
—2uikp’® [~Assin (psh) + B3 cos(psh)] = 0,
2ikp [Asin (ph) 4+ B cos(ph)]
— (p3 — k?) [A3 cos (p3h) — Bssin(psh)] = 0,
—[p* (& +2u) + Ak?] [A cos (ph) — B sin(ph)]
—2uikp? [Assin (psh) 4+ By cos(psh)] = 0, (10.142)

where (10.141) have been taken into account. Furthermore, recalling (10.138) and
the relation ¢ /c3 = (A + 2u)/p leads to

PP+ 2u) + Ak = p(pl — k). (10.143)

Now, add and subtract the first and the third and add and subtract the second and the
fourth of (10.142), where (10.143) has been substituted. We obtain
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2ikpB cos(ph) — (p3 — k?) A3 cos(psh) = 0,

2ikpAsin(ph) + (p% — kz) Bssin(p3h) = 0,

(p§ — k2) Acos(ph) + 2ikpsB; cos(psh) = 0,
—(p3 — k?) Bssin(ph) + 2ikpsAssin(psh) = 0, (10.144)

and rearranging gives

(( 2ikpsin(ph)  (p3 —k?) Sin(P3h)) ( A ) -0, (10.145)

p3 — k?) cos(ph) 2ikpscos(psh) B;
2ikpcos(ph)  —(p3 —k?)cos(psh) B
: =0. 10.146
(— (p3 — k?)sin(ph)  2ikpssin(psh) As ( )

The reason for rearranging in this way is now clear: A and B; represent
displacements symmetric with respect to the axis Ox, whereas B and A3 represent
skew-symmetric displacements.

If we assume that displacements are symmetric, then B and A3 must vanish, and
by setting to zero the determinant of the matrix in (10.145), we derive the Rayleigh—
Lamb frequency equation

4k’pps _  tan(psh)
(p3—k»?  tan(ph)’

(10.147)
By similar arguments, from (10.146) we obtain the frequency equation for antisym-

metric waves:

4k’pps _ tan(ph)
(P2—k2?2  tan(psh)’

(10.148)

Recalling (10.138), we see that these equations give the wave number k or
the phase velocity ¢ = w/k for any selected value of the circular frequency w,
i.e., (10.147) and (10.148) represent the relation between the wave velocity and the
wave number, called the frequency spectrum.

If the velocity changes with w, the propagation is said to be dispersive, because
any wave obtained as a superposition of waves of different frequencies will
change its shape in time, since single components tend to disperse. In this case,
we introduce the concept of group velocity vg, and it can be shown, by making
reference to two monochromatic waves characterized by the same amplitude but
slightly different frequencies, that the following relation holds:
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d d d
A S Y (10.149)

Y6 =k T dk dr

The above argument is kinematic in its essence. From a dynamic point of view, it
can be proved that the group velocity is the velocity of the energy propagation. The
proof is in this case rather long, but we can rely on intuition and observe that energy
cannot be transferred through nodes, which move with group velocity.

A final remark is that usually dc/dk < 0, so that vg < c; this case is called
normal dispersion. When vg > ¢, the case is called inverse dispersion.

10.14 Exercises

1. Suppose that a uniform layer of isotropic elastic material of thickness H is
subjected at the lower boundary to a planar steady-state motion represented as

u = Ae i, (10.150)

Determine the displacement field of the layer and show that the layer response
depends on the frequency of the boundary motion.

Due to reflection at the upper boundary, there will also be a wave traveling
in the negative x3 direction, so that for the displacement field we can assume a
steady-state solution of the form

u(x3,1) = Be! k3700 4 Col(Tkxs=on) (10.151)
Since the surface of the layer is stress free, it must hold that

H
w = ikBexpli(kH —wt)] —ikC expli(kH + wt)] = 0,
X3

which implies that
Be'tH — ce7H = 0, (10.152)
At the lower boundary the motion must be equal to the prescribed value, so that

B+C =4, (10.153)

and both these conditions allow us to find the two constants
o—ikH

— A
2coskH
ikt

— A
2coskH

B =
(10.154)
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By introducing these constants into (10.151), we obtain the solution for the
displacement field:

_ Acos(kxs —kH) —

= 10.155
n coskH ( )

This relatively simple example allows us to introduce an aspect of relevance
in earthquake engineering known as soil amplification. Let us define as an
amplification factor the ratio between the motion at the upper boundary (which
is the relevant one for buildings interacting with the soil) and the one imposed
at the lower boundary (which can be assumed to be the motion of the bedrock).
This ratio is

w (H,t) . 1 1

amplification ratio = = = )
P ! u1(0,¢t) coskH  cos(wH/vy)

(10.156)

and it can be observed that a resonance phenomenon occurs (i.e., the motion
tends to infinity) when the ratio has the value

oH T
— = — +nm. (10.157)
Vs 2

We note that, even if an infinite amplification cannot occur (because the present
analysis assumes no dissipation of energy), the major aspects of this phenomenon
are qualitatively accounted for: the amplification factor depends on the layer
properties as well as the frequency of the motion at its base.

2. Assuming a Kelvin—Voigt solid

Ti; = 2Geij + 2néij,

where 7 is a damping coefficient, show, with reference to the layer of Exercise 1,
that the amplification factor is equal to

1
Veos2kH + sinh® EkH




Chapter 11
Other Approaches to Thermodynamics

The thermodynamics adopted in the preceding chapters of the book is based on
the Clausius—Duhem inequality. In this theory all the concepts of elementary ther-
modynamics of homogeneous and reversible processes are extended to irreversible
processes without any criticism. In this chapter other proposals are discussed which
have the purpose of making more convincing the extension of standard concepts of
elementary thermodynamics to irreversible processes. In particular, we sketch the
proposals of Day’s, Serrin’s, and of the extended thermodynamics.

11.1 Basic Thermodynamics

In Chap. 5 we introduced Truesdell, Coleman, and Noll’s approach (see, for
instance, [5, 10, 67]) to thermodynamics of continua, together with some of its
applications. This approach has the following main advantages:

e It suggests a formulation of thermodynamic principles that we can use in
continuum mechanics.

» It suggests that we use the second principle as a restriction for the constitutive
equations, rather than as a constraint on processes.

Despite these advantages, some authors have noted shortcomings or flaws about this
approach. Starting from these objections, we now present a concise review of vari-
ous approaches. To do this, we first recall some concepts of basic thermodynamics.

Essentially, elementary thermodynamics (see [11]) deals with homogeneous and
steady-state processes; i.e., it considers processes evolving in such a way that, at
any instant, the state of a system .S is always very near equilibrium. It follows that
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the state of S can be described by a convenient and finite number of real parameters
x = (x;),1 = 1,...,n, and its evolution is given by the functions x;(¢) of the
time ¢.

As an example, the equilibrium state of a gas in a container is macroscopically
described by its volume V' and the pressure p. If we consider a binary mixture of
gas, then in addition to the parameters V' and p, the concentration ¢ of one of them
must be introduced. Accordingly, the steady-state evolution is described through the
functions p(t), V(t), and c(¢).

As a second step, the empirical temperature t of the system S in a given
state 7 is defined by the zero postulate of thermodynamics: If two systems are
at equilibrium when they are in contact with a third one, they will also be at
equilibrium when kept in contact with each other.

According to this postulate, it can be proved that the equilibrium of two systems
requires the existence of at least one state function, called the empirical temperature,
which is equal for both of them. The state of a system can then be regarded as an
index of this equilibrium. The reference system can be assumed to be a thermometer
and, if its state is expressed by its volume, this latter parameter is an index of the
empirical temperature. This is what happens in common thermometers, where the
temperature scales refer to volume changes.

In the following discussion, instead of the pressure, the empirical temperature
T = x) is taken as one of the state variables.

Moreover, we suppose that the mechanical power w and the thermal power ¢ can
be represented by the following relationships:

n
w= Y m(X)i.
k=1

g =c0i+ Y i,

k=2

(11.1)

where the state functions my (x) are called partial pressures, the function c(x) is the
specific heat, and vy (X) are the latent heats.

When dealing with fundamentals of elementary thermodynamics, it is important
to recall that the first and second laws have been formulated for cyclic processes, at
the end of which the system returns to its initial state.

Furthermore, these laws only involve the notion of mechanical and thermal
power. By using the previous notations, we represent these cycles by closed curves
y. of R" of the equation x = x(z).

First law of thermodynamics: In any cyclic process y, the mechanical work L(©)
done on the system is equal to the absorbed heat Q:

L© = Q. (11.2)
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Since L© and Q are written as

szfwwm, Q:/q@ﬂ
. Ve

the differential form

o= (MK —c®)dt+ Y (mx) — vi(x) dxi

k=2

is integrable, so that we conclude that there exists a state function E(x), called the
internal energy, such that, in any process which is not a cycle, the change AE is
given by

AE:L@—szw. (11.3)

¢

It is well known that the first law states that the transformation of one form of
energy into another is completely symmetric. On the other hand, since in physical
processes such a symmetry does not hold (i.e., the transformation of nonthermal
energy into thermal energy is the preferred process), the second law imposes severe
limitations on the transformation of heat into work. In fact, its formulation given by
Lord Kelvin is as follows:

Second law of thermodynamics (Lord Kelvin, 1851): It is impossible to perform
a cyclic transformation whose only result is to convert into work a given heat
quantity Q, extracted from a source at uniform temperature.

It can be also proved that the above formulation is equivalent to the following
one, due to Clausius (1854):

It is impossible to realize a cyclic transformation whose only result is the heat
transfer from a body, having a given temperature, to another one at a higher
temperature.

Starting from the second law, we can prove the existence of an universal function
6 (the term universal highlights its applicability to any body), which is positive and
depends only on the empirical temperature t. This function 6 is called the absolute
temperature. Furthermore, it can be proved that, in any cyclic steady process in the
interval (f, t1), if 6(¢) is the uniform temperature at which the heat exchange takes
place, the integral relation

IM =0 11.4)

o 0@)

holds provided that the cyclic transformation is reversible.
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The above result can then be used to prove the existence of a state function 7,
called entropy, such that, in any reversible but not necessarily cyclic process, it
holds that

" gq()

50 dt. (11.5)

An =n(t) —n(t) =

fo

In elementary thermodynamics the previous concepts are also usually extended
to irreversible processes and, in such cases, (11.4) and (11.5) become

B S S 10,

—=dt. 11.6
) ) (1.0

But these extensions are not so straightforward for the following reasons:

e an irreversible transformation of a thermodynamic system is not analytically
defined;

* itis far from being clear how to compute g and w, as well as the integrals in (11.3)
and (11.6).

These shortcomings call for a new formulation of elementary thermodynamics,
in order to describe nonhomogeneous and irreversible processes. However, it is
relevant to observe that in this theory the concepts of energy and entropy are derived
from properties of cyclic processes, rather than being introduced as primitive
concepts, as is done in the formulation of Truesdell and Coleman.

In the remaining sections, we present extended thermodynamics (see [40]) and
the formulation suggested by J. Serrin [60].!

11.2 Extended Thermodynamics

Let S be a rigid body of uniform density p. The energy balance equation in this
case is

pé€ = =V -h,
and, by introducing the constitutive relationships

e=¢(®), h=-—KVb, (11.7)

'In the papers of A. Day [6-8], the notions of internal energy and temperature are accepted and, by
conveniently rewriting the second principle for cyclic processes, the existence of the entropy for a
large class of materials is proved.



11.2  Extended Thermodynamics 377

we obtain
,océ = KA,

where the thermal conductivity K is a positive quantity and ¢ = de/d@ is the heat
capacity under constant volume. The equation obtained is a second-order partial
differential equation of parabolic type, for the unknown field of temperature 6(x, ).
As it is well recognized, this equation describes a diffusion phenomenon, and
accordingly any perturbation appears instantaneously at any spatial point. Therefore,
in contrast with the experimental result, it cannot foresee a finite velocity of the heat
propagation at low temperature. The need to predict such an experimental result was
the starting point for extended thermodynamics.

The assumptions of this approach can be summarized as follows. Let S be a
continuous system described by n fields u = (u(1)(Xy), - . ., W) (Xe)), where (x,) =
(t,x), ¢ = 0, 1,2, 3, which satisfy n balance equations

JoF ALY
GIGHC) =Pyu).i=1....n (11.8)
Xy
Quantities like F(;)o are densities, whereas quantities like Fgy;, j = 1,2,3,

are fluxes; on the right-hand side, quantities like P(;) represent production terms.
If the constitutive equations F ), (u) and P;)(u) are specified, then the quasi-linear
system (11.8) allows us to determine the fields u)(Xq).

In order to reduce the generality of the constitutive equations, they must satisfy

* the entropy inequality;

* the convexity;

* the principle of relativity; i.e., they must be covariant for a Galilean transforma-
tion.

The entropy inequality is expressed as

9he (u)

= X(u) >0,
o, (u) >

where this inequality must be satisfied by all the thermodynamic processes compat-
ible with the balance equations (11.8).

It is relevant to remark that, even if the entropy principle is accepted as a
constraint for the constitutive equations, this principle must be satisfied when con-
sidering processes compatible with balance equations, which play the role of
constraints for the processes.

As proved in [29], this requirement is equivalent to requiring that the inequality

- L (T -row) =0

a
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is satisfied for any differentiable process u(;)(x,), where the quantities A ;) are
unknown Lagrangian multipliers.
Since the previous inequality can also be written as

" 3/’1& (ll) ! aF(i)a (ll) 8]1(]') "
- Aoy —— | — + AiyPi) =0,
2 ( dugj) 2 A0 dugy ) Ixg 2 AP

j=1 i=1 i=1

and the quantities du;)/dx, are arbitrary, we derive

ha(w) ¢ OF () (u) :
— A(,') —— >0, A(i) . P(,‘) > 0. (11.9)
dugj) 2 dugj) 2

i=1

i=
Finally it can be proved that the n x n matrices

0F () (0)
dA())

are symmetric and that this imposes severe constraints on the functions F;), (u).

This approach leads to quasi-linear systems of hyperbolic differential equations,
gives a generalized form for the entropy flux, and proves the existence of the abso-
lute temperature. The reader interested in applications of extended thermodynamics
to fluids, mixtures, and other fields is referred to [40].

11.3 Serrin’s Approach

Serrin’s approach is based on the notion of an ideal material and provides a math-
ematically correct formulation of all the results of the elementary thermodynamics
of homogeneous processes. In the context of this volume, we limit ourselves to
outlining that this approach allows us

1. to introduce the absolute temperature 0 as a positive function of the empirical
temperature, measured by thermometers constituted by ideal materials;

2. to introduce the accumulation function Q(6, P), dependent on the absolute
temperature 6 as well as on the thermodynamic process P of the system S. This
function expresses the heat quantity exchanged by S with the surroundings at a
temperature less than or equal to 6, during the process P;

3. to formulate the thermodynamic principles for cyclic processes, without assum-
ing the existence of energy and entropy.

The two fundamental laws of thermodynamics are formulated by Serrin in the
following way.
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First Law. In any cyclic process P, the balance of energy is given by
LO(P) = Q(P),

where LY denotes the mechanical work of the system on the exterior world and
O is the quantity of heat received from it.

Second Law. There is no cyclic process P in which the accumulation function
assumes positive values.

This formulation states that in any cyclic process there are temperatures at which
the system provides heat to the surroundings. It can be further proved that the above
formulation, when applied to homogeneous systems, leads to Kelvin and Clausius’s
postulate.

Moreover, starting from the second law and the existence of ideal materials,
Serrin proves that the second law is equivalent to the following mathematical
condition in any cyclic process:

o0
Mu’@ <0. (11.10)
0 0
It remains now to find the expressions of L), Q and Q(, P) for a continuous
system S in order to write explicitly the previous thermodynamic laws. To this end,
we introduce the following definitions.
A process of duration J = [0, 1] is defined by a couple of functions

x(X,1), (X, 1),

conveniently regular on C,. x J, which give a motion and an absolute temperature

field at any instant ¢ € J. The set P(S) of the cyclic processes of duration J is given
by all processes which satisfy the conditions

x(X,0) = x(X, 1),

11.11

{ 0(X,0) =0(X, 1), ( )

as well as the balance equations of mass, momentum, and angular momentum.

The change of kinetic energy AT of c(¢), in the time interval J and along the
process P, is written as

1 1
AT =/ —pv*de —/ —pv*de. (11.12)
c(t) c(0)

In addition, the work L (P) done by the exterior of c¢(¢) during the same
process P is given by
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L@O(P) =/dt/ v-Tnda+/dt/ v-pbdc. (11.13)
J de(t) J 40]
But, LO(P) = AT — L®(P), so that the previous relation implies that
LYD(P) = AT—/dt/ V-Tndo—i—/dt/ v-pbdc. (11.14)
J de(t) J c(t)

Taking the scalar product of the local balance equation (5.30) with v and
integrating the result over ¢(¢), we obtain

d 1

2
— —pv-dc = [ v-Tnd0+/ v-pbdc
dt J.q)2 () )

—[ T: Vvde. (11.15)
c(t)

By integrating this over the time interval J and by recalling (11.13), we have the
relation

AT = L(“)(P)—/dt/ T: Vvdec,
J c(t)
which, compared with (11.14), leads to

L® =—/dtf T: Vvdec. (11.16)
J c(t)

In a similar way, assuming that the heat exchanged by c(¢) with the surroundings
is given (see Chap. 5) by a source term r and a flux through the boundary dc(¢) of
density h - n, we get

Q(P):/dt (f h-nd0+fdt/ prdc). (11.17)
J dc(r) J c(r)

Finally, by introducing the notations

% 36,(0) = {x € dc()|9(x, 1) < O},
a(0) ={xec@)d(x1) <0},

where ¥ (x, ) is the field of absolute temperature and 6 is any arbitrary but fixed
value of temperature, the accumulation function is written as

Q(@,P)z/dt (/ h-nda—i—/ prdc). (11.18)
J ac; (0) 1 (0)
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At this stage we are in a position to prove that the previous relations allow us
to formulate the first and second laws of thermodynamics in a manner which is
completely analogous to that of elementary thermodynamics.

First, by combining (11.16) and (11.17), the first law can be written as

/dl (T:Vv+V-h+ pr)dc =0, (11.19)
J c(t)

whereas (11.18) allows us to put the second law (11.10) in the form

]
/ —2(/dt(/ h-nda—i—/ prdc))d@fo. (11.20)
o 02 \UJs 8¢,(6) & ()

Equations (11.19) and (11.20) are valid for any cyclic process of duration J.
To continue, it is more convenient to rewrite the previous formulae in the
Lagrangian formalism (see Sect. 5.6) as follows:

/dt/ (T* ¥+ V-h, —G—p*r) dey =0, (11.21)
J cx(t)

> 1
/ ﬁ(/ dt (/{;N (g)h*-n* d0*+[ (O)p*rdc*))de <0, (11.22)
0 4 Cxi Cx ¢

where Ty is the Piola—Kirchhoff stress tensor, hy is the material heat flux vector,
and F is the deformation gradient.
The application of Fubini’s theorem leads to the relation

1
—2d0 h*~n*d0*=/ h, - n, dox
o 0 31 (6) dex 0

* 1

7340 (11.23)

The second of the previous relations can also be written as

h* © I
/ [ n dcr*+/ pssdey ) di <o0. (11.24)
J 0Cx 0 Cx 0

Finally, by applying Gauss’s theorem and using the arbitrariness of the material
region cx, we see that the fundamental laws of thermodynamics assume the form

/(T*:F—i—q) dt =0, (11.25)
J

1 h, - V6

Ly 11.2
/Je(q 0 )dIEO, (11.26)

q =V -hy + pyr. (11.27)

where
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11.4 An Application to Viscous Fluids

In order to exploit the content of the thermodynamic laws (11.25) and (11.26),
they are applied to the viscous fluids (see Sect. 7.3). The results discussed here
are contained in [20]; for an extension to materials with fading memory see [19].

The constitutive equations of the material are supposed to be expressed by the
differentiable functions

T. = T.(F,F, 0,6, V0),
q =q(F.F,0,0,V6),
h, = h,(F.F,0,60,V0). (11.28)

In order to make explicit the restrictions on the constitutive equations (11.28)
deriving from the two thermodynamic laws, we start by noting that in any
equilibrium process

x(Y, 1) =F-(Y-X), 6(Y,?) = 0(X), (11.29)
the thermodynamic laws lead to the conditions
q(F,0,0,6,0) =0,
h.(F,0,6,0,0) > 0, (11.30)

so that the function f(G) = h(F,0,6, 9,0) - V6 has a minimum at V6 = 0;
consequently,

(Vyef)vo—o = h.(F,0,60,6,0) = 0, (11.31)

and there is no heat conduction in the absence of a temperature gradient.
Moreover, by expanding ¢ in power series of F and 6 and recalling (11.31);,
we get

g =c(F,0)0 +v(F,0)-F—SF.F, 0,6 V0), (11.32)
where S is a second-order function of F and 6. If we introduce the notations

T%(F,0) = T«(F,0,6,0,0),
T, = T. - T,
R=TP?:F, (11.33)

then the fundamental laws (11.25), (11.26) reduce to the form

/((p*v+Ti)-F+p*cé)dl+/ (R—p«S)dt =0,
J J
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1 . . 1 h, - VO
e (v-F+ch)dt— | pu— (S dt <0, (11.34
/,” AREED) /,” 9( Ty ) =0 {134

for any cycle at the point X € Ci.
Now it is possible to prove that

Theorem 11.1. For materials described by the constitutive equations (11.28), there
exists a function u(F, 0), called the specific internal energy, such that for any process
of duration J, the following relations are satisfied:

J
U(E. 0)—y — u(F. 0),— = / (peq — Ty : B dt. (1135)
0
ou ou
= Px T*, A — PxC, 11.
e T S = pac (1136)
R = psS. (11.37)

Proof. Let P be a cyclic process defined by the motion x(X, #) and the temperature
field 6(X,t), where X,7) € Ci x [0,J]. Let P. denote a new cyclic process
characterized by the new fields

XX, 1) = x(X, 1), 0.(X, 1) = 0(Xp + (X — Xp), €1), (11.38)

where X is an arbitrary point of Cy. In the process P, any particle X of the system
assumes, at the instant ¢, the same position and temperature than it assumes at the
instant €z during the process P. For ¢ — 0, the system tends to equilibrium at
uniform and constant temperature.
It is easy to verify the following relations:
F.(Xo,1) = F(Xo, €t), F.(Xo, 1) = eF(Xo, €1)
0.(Xo, 1) = 0(Xo, €1), 6.(Xo,1) = €0(Xo, €t)
Vo, = €V8. (11.39)

The first fundamental law (11.34);, applied to the process P, leads to the equality

J/€e X . J/e
/ ((pxve + T,) - €F + piced) dt + / (Re — p«Se)dt =0, (11.40)
0 0

which, by the variable change t’ = €, can be written as

J . . 1 J/e
/ ((pxv + TS) - F + pyct) dt’ + - / (Re — psSo) dt’ = 0. (11.41)
0 € Jo
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In the limit € — 0, we have that

J
/ ((osv +T) -F + psch)dt’ =0 (11.42)
0

in any cyclic process. Owing to a well-known theorem of differential forms,
from (11.42) the conditions (11.36) are derived.

Let ¢ be any instant in the interval [0, J] of the cyclic process P and let P’ be
the process bringing the system to the initial state and having a duration [¢,¢ + J'].
Finally, P/ will denote the process defined by (11.38). Applying (11.34); to the
cyclic composed process P, constituted by P in the time interval [0, 7] and by P! in

the time interval [¢, ¢ + J’/¢], and taking into account (11.42), we derive

t t+J'/t
/ (R—S)di' + / (R, — S)ydt' = 0. (11.43)
0 t

By the variable change t” = €(z’ — t) in the second integral, the previous relation
becomes

t 1 J//
/ (R—S)dt’—i—Z/ (R!—Ss”)dt”zo (11.44)
0 0
so that, for ¢ — 0, we conclude that
t
/ (R—S)dt =0 Vrel0,J], (11.45)
0

and the proof is complete. O
In a similar way, the following theorem can be proved.

Theorem 11.2. For materials described by the constitutive equations (11.28), there
exists a function n(F, 0), called the specific entropy, such that in any process of
duration J the following relations are satisfied:

71 h, - V6
n(F,0)=; —n(F,0);=0 = / — | pxgq — dt, (11.46)
0o 0 0
an an
Qa—F = PxV, 9@ = PxC, (1147)

pxS6 + hy - VO > 0. (11.48)



Chapter 12
Fluid Dynamics and Meteorology

After a brief history of scientific meteorology, the atmosphere is described as
a complex mixture. For this model we write the so-called primitive equations
which are very difficult to solve even numerically. These equations are simplified
by resorting to drastic approximations: The Hydrostatic and Tangent Approxi-
mations. Then, we prove the important Bjerknes and Ertel theorems. To justify
the influence of the lower layers of atmosphere on meteorological phenomena
Reynolds’ turbolence is introduced. The effects of viscosity are considered in the
Oberbeck—Boussinesq equations and Saltzmann equations. Lorentz solved these last
equations by Fourier’s expansion and this approach leads him to an ordinary system
of differential equations, whose solutions generate the deterministic chaos.

12.1 Introduction

Our capacity to understand and forecast the evolution of complex physical systems
represents one of the most important progresses of the last century. As a conse-
quence, today, we are able to forecast the weather behavior with the advance of
some days. This science has arrived at a such level of knowledge that its forecasts
about the climatic variations on the earth are sufficiently reliable.

Meteorology is a rather young science. In fact, the first scientist who collected
atmospheric data in a systematic way was Le Verrier (1855). The first formulation
of scientific weather forecast is due to the American scientist C. Abbe (1901).
Three years later (1904), the Norwegian scientist V. Bjerknes published an article
[3] in which the weather evolution was reduced to an initial value problem for
the equations of fluid dynamics. However, the equations proposed by this author
were so complex that any attempt to solve them failed.
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Fig. 12.1 Atmospheric layers

The second important contribution to meteorology is due to the English
L. F. Richardson [50] who supplied a simplified version of the equations proposed
by Bjerknes. But also these equations were too difficult to solve. A fundamental
step in modeling the atmosphere was suggested by J. von Newmann who proposed
to use his new computer ENIAC to obtain numerical solutions of the complex
equations governing the weather evolution.

The atmosphere is the narrow gaseous layer surrounding the earth. In this
layer we can observe a wide variety of phenomena (rain, snow, wind, etc.) that
we globally call atmospheric weather. The atmosphere is composed by many
sub-layers that are shown in Fig. 12.1. Each layer is characterized by a different
behavior of temperature and density. In the layer adjacent to the earth surface,
the froposphere, the temperature decreases by increasing the distance from the
ground. The troposphere contains about the 85 % of the atmospheric mass and has
a thickness of about 6 km.! Since this layer is in contact with the earth surface it is
strongly influenced by the energy changes by radiation, evaporation, condensation,
and convection. The other layers (stratosphere, mesosphere, thermosphere) are
shown in Fig. 12.1 with their thickness.

The meteorological forecasts can be referred to the following scales that are
defined by a characteristic length L and a characteristic time ¢:

e Micro-scale
L~1+10°m ¢~ 10s.

On this scale we observe turbulence and vortices that are produced by the
interaction between the atmosphere and the ground. These effects cannot easily
be described owing to the high number of factors determining them.

I'This thickness varies in going from the equator to the pole.
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e Local-scale
L~10°=10*m ¢~ 10%s.

On this scale we observe tornados, breezes, and local storms. Also these
phenomena are difficult to describe.
e Mesoscale

L~10°m ¢~ 10’s.
» Synoptic scale or planetary scale
L~10°m ¢~ 10"+ 10°s.

The analysis of the atmosphere on this scale is fundamental to obtain weather
forecasts since it supplies a general view of atmospheric dynamics.

In the next sections we analyze the atmospheric phenomena on the synoptic scale
after deriving the system of partial differential equations that describe the behavior
of these phenomena.

12.2 Atmosphere as a Continuous System

In this section, we propose a mathematical model for the synoptic scale of our
atmosphere resorting to continuum mechanics of compressible Newtonian fluids.
More precisely, we determine a system of partial differential equations governing
the weather evolution on the synoptic scale in the following hypotheses:

* The earth is a sphere of radius ry;

* The earth rotates with constant angular velocity || = 7.292 - 107> rad/s about a
fixed axis £ containing the center O of the earth;

» The gravitational effects of sun and moon on the atmosphere can be neglected.

We observe atmospheric phenomena staying on the terrestrial surface. Therefore,
it is quite natural to adopt a frame of reference at rest with respect to the earth.
More precisely, we adopt an orthogonal Cartesian frame of reference Oxyz with
the origin at the center of the earth O, the axis Oz coinciding with the rotation
axis £ of the earth and the other two axes Ox e Oy rotating with the earth. Since
Oxyz is not an inertial frame, in the dynamical equations describing the evolution
of the atmosphere we have to take into account the fictitious forces. However, we
can evaluate these forces only after discovering the motion of Oxyz relative to an
inertial frame. In the solar system, the frame of reference / with the origin at the
center of the sun and the axes oriented toward fixed stars is inertial. Moreover, the
frame of reference OXxyz with the origin at the center of the earth and the axes
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parallel to the axes of / can be considered inertial for time intervals small (one or
two weeks) with respect to a year. In conclusion, we can say that the rigid motion
of Oxyz relative to the inertial frame OXyz is a uniform rotation about the axis
a = Oz with constant angular velocity 2. This conclusion allows us to say that the
drag acceleration, i.e., the acceleration a, of a point P € Oxyz relative to OXYz, is
given by the following formula (see, for instance, [55, p. 193])

a, =R x (R xr), (12.1)

where r is the position vector of P with respect to the origin O of Oxyz. Finally, the
absolute acceleration a, (i.e., relative to the inertial frame OXyz) of an atmospheric
particle P, whose position vector is r, is given by the following equation

a,=v+R2x (R xr)+22 xv, (12.2)

where v is the velocity of P relative to the terrestrial frame Oxyz.

Besides the hypotheses stated at the beginning of this section, we suppose that
the model of a compressible Navier-Stokes fluid, with constant coefficients A and
u (see Sect. 9.8), supplies a good description of the atmospheric phenomena.
Therefore, we can adopt the local mass conservation and the Navier—Stokes
equations (9.72):

p+pV-v=0, (12.3)
pov=—-Vp+pg*—2p2 xv+F. (12.4)
where, denoting by g the gravitational acceleration,
g8 =g— 2 x (2 xr), (12.5)
is the effective gravitational acceleration and
F=AV(V:-v)+2uV.-D (12.6)

denotes the viscous forces per unit mass. In (12.6) A and u are the viscosity
coefficients and D is the rate deformation tensor.

It is quite evident that the evolution of atmospheric weather is strongly influenced
by the temperature field. Consequently, if we wish to obtain a reasonable description
of atmospheric phenomena, we must add to the dynamical equations (12.3), (12.4)
the balance of energy which, for a compressible Navier—Stokes fluid assumes the
form:

pé = —pV v+ kAT + ®&(v) + pr, (12.7)

where € is the specific internal energy, 7 the absolute temperature, r the specific
energy supply and

®(v) = 2uD;; Dj; + A(D;;)? (12.8)
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gives the specific dissipation power due to viscosity. We explicitly note that in (12.7)
we adopt the linear Fourier law of thermal conduction stating that the heat flux h is
given by

h = —kVT, (12.9)

where the thermal conductivity coefficient k is constant.

Remark 12.1. Viscosity is important only in a narrow layer in contact with the
terrestrial surface. Although this layer has a thickness of a few meters, viscosity
originates a turbulence whose effects are relevant in large layers of the atmosphere.
In almost all the applications of the above equations to meteorology, it is supposed
either A = 0 (see, for instance, [18]) or A = u/3 (see [73]).

We conclude this section noting that the specific force g* is conservative. In fact,
if we adopt spherical coordinates r, ¢, 6 with the origin O at the center of the earth,
g admits the Newtonian potential

GM
Ve =——i, (12.10)
r
where M is mass of the earth and G is the universal gravitational constant.
In particular, if we consider atmospheric phenomena in the troposphere and denote
by ro the radius of the earth, then we can substitute (12.10) with the approximate
form

GM MG
Ve ———+ r—z(r —r9) = C + go(r —ro), (12.11)
0 0

where C is a constant and g is the gravity acceleration corresponding to the mean
radius of the earth. In conclusion, denoting by k the unit vector along the vector
radius r, in the troposphere the gravity acceleration can be written as follows

g > gok. (12.12)

About the drag force we start noting that
—2x2xr)=—2- N2+ |2’r=—(Qe2 -2 r.
In conclusion, the potential of the drag force is
w=—§(9®9—mﬂyr (12.13)
The total potential
V=V, +V, (12.14)

is called the geopotential.
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12.3 Atmosphere as a Mixture

We could think that Eqgs. (12.3), (12.4) lead to a satisfying description of atmo-
spheric behavior but it is not so. In fact, the atmosphere cannot be considered
as a simple compressible viscous fluid. In the atmosphere there are clouds that
are composed by water, water vapor and ice. Then, it is necessary to consider
atmosphere as a mixture of water, water vapor, ice, and dry air in which each
constituent can undergo a phase transition transforming it into another one.

A more extensive exposition of fluid mixture theory can be found in [56] and
in the references there cited. Here, we introduce the fundamental principle of this
theory just to complete the set of Eqgs. (12.3), (12.4) and (12.7) in such a way to
allow a more accurate description of the complex structure of atmosphere.

Any theory of mixture with n constituents is based on the following
assumptions:

* Each volume element is supposed to be occupied by all its constituents;

» The density p; and a velocity v; of each constituent satisfy the balance laws of
continuum mechanics;

* The whole mixture has to satisfy the same balance laws as a consequence of the
behavior of each constituent.

From the above hypotheses we derive that the mass continuity equation must be
satisfied for each constituent. However, this equation cannot be written as a mass
conservation since any constituent can be transformed in another one by a phase
change. Therefore, we write the balance of mass in the following form:

90;

%-FV-(pivi):I,-, i=1,....4, (12.15)
where I; denotes the mass per unit time and volume added or subtracted to the
ith constituent. On the other hand, for the whole mixture has to hold the mass
conservation:

dp

Adding the four equations (12.15) and comparing the result with (12.16), we obtain

4
p=>_ (12.17)

i=1

4
1

v=—> pvi. (12.18)
p

i=1

YL =o. (12.19)
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These equations show that the velocity v of a point r of the mixture coincides with
the velocity of the center of mass of the elementary volume centered at r.

In a general theory of mixtures we should extend the above considerations to
the momentum balance, angular momentum balance, and energy balance of each
constituent and compare the result of the summation of these equations with the
corresponding equations of the whole mixture. The result we obtain, although it is
quite general, is very complex. Therefore, we here consider a particular case which
is called the theory of classical mixtures.

We define

U =V, —V, (12.20)

the diffusion velocity of the ith constituent. Then, we write Eqgs. (12.15) in the
equivalent form

0pi
a—’;+v-(piv)+v-<1>,-=1,-, i=1,....4 (12.21)

where
®; = piu;, (12.22)

is the diffusion flux of the ith constituent. Introducing the ith concentration by the
formula,

e =P, (12.23)
0
Eq. (12.21) assumes the final form
i +V-®, =1, i=1,...,4, (12.24)
where
9c:
¢ = % vV (12.25)

We note that, in view of (12.17) and (12.19), one of the equations (12.24) is
not necessary. On the other hand, if we add Egs. (12.24), for i = 1,2,3 to
Egs. (12.3), (12.6) we have not a closed system for the presence of the unknown
diffusive fluxes that contain the unknown diffusion velocities u;. At this point
we should take into account the balance equations of momentum and angular
momentum. The theory of classical mixture does not resort to these equations
assuming that the diffusive fluxes are functions of p, p;, i = 1,2,3 and their
gradients (Fick’s law). Starting from the dissipation principle, it is also proved that
in the local balance of energy it is necessary to introduce an extra energy flux besides
the heat flux (see [56]). If we denote by ¥ (p, ¢;, T') the specific free energy, this flux
has the form



392 12 Fluid Dynamics and Meteorology

3
II = Zﬂiq’i,

i=1
where

oy

i = ac;’
are the chemical potential.

Although we are already using a simplified theory of mixtures, in applying it
to atmosphere the diffusion fluxes are neglected, i.e., it is supposed that ®; = 0,
i = 1,2,3. In other words, it is supposed that the variations of concentrations are
only due to the phase transitions inside the atmosphere, that is, they are represented
by I;,i = 1,2,3. As a consequence of this simplification, the extra energy flux IT
in the energy balance disappears. On the other hand, we have to take into account
the latent heat released into the atmosphere owing to phase transitions. To do that,
we introduce into the local balance of energy a quantity Q which denotes the heat
per unit mass and time produced by the phase transitions.

In conclusion, the basic equations of our model of atmosphere are:

p+pV-v=0, (12.26)
pcéi =1;, i=12,3, (12.27)
pv=—-Vp+ pg* —2p xv+F, (12.28)
pé = —pV-v+ kAT + O(v) + p(r + 0), (12.29)

At least in principle, this system supplies the unknowns p, ¢y, ¢», ¢3, T, v, provided
that we assign the constitutive equations of 11,1, I3, p, €, and Q as functions of p,
c1, C2, C3, T.

It is important to remark what follows

* In the above equations the air is modeled as a mixture of water in a different
state of aggregation. In other words, these equations do not take into account the
presence of other gases in the atmosphere as polluting gases.

e Equations (12.26)—(12.29) are still too complex to hope that we can find a
solution of them. To facilitate the analysis of atmospheric phenomena forecasted
by the basic equations, the viscosity is initially neglected (i.e., the air is
considered to be a perfect gas)

F=0, &) =0,
and then the viscosity is considered either as a perturbation of the behavior of a

perfect gas or it is taken into account in particular regions of atmosphere, where
the effects of viscosity are relevant (see Sect. 12.8).
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Further, in many cases, the transformations inside the atmosphere are supposed
to be adiabatic (k = 0). We can prove that, under this assumption, the energy
equation (12.29) assumes the form (see [73,74])

. y—1,
T = ——p,
o R)/p

where y = ¢,/c, is the rate between specific heat at constant pressure and
specific heat at constant volume and R is the constant of perfect gases. In fact, if
the gas is perfect, then

e=c¢T, p=RpT, R=c,—q. (12.30)
The energy equation (12.29), in the above hypotheses, reduces to

p€ = —pV-v.

In view of the mass conservation (12.26), we obtain

pé =p—=RTp

.

d (p . D . .
=T_(_)= — L 5 oRT
ai\t) =Pt TPTP

The above equation can also be written as follows
plev + R)T =p.

It is easy to verify that ¢, + R = ¢p, ¢, = % and the new form of energy
equation is proved.

In conclusion, the simplified equations can be written as follows

p+pV-v=0, (12.31)
péi =1;, =123 (12.32)
pv=—Vp+ pg" —2pR xv, (12.33)
L y—1.
pF=r""p (12.34)
Ry

To the above equations we add the constitutive relations (12.30).
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12.4 Primitive Equations in Spherical Coordinates

It is quite natural to adopt spherical coordinates (¢, 6,r) (longitude, latitude,
altitude)®> in the terrestrial frame of reference which we have introduced in
Sect. 12.2. To follow the conventions used in meteorology, we denote by 6 the
latitude instead than the colatitude. This implies that in the formulae of Chap. 2,
sin 6 has to be substituted by cos 8. When we adopt the spherical coordinates in
the terrestrial frame, all the unknown fields in the Eqgs. (12.31)—(12.34) become
functions of these coordinates and time. For the convenience of reader, we
here rewrite some formulae of Chap. 2 with the new conventions (Fig.12.2).
The square of the infinitesimal distance between two points is

ds® = r? cos? 9a’<p2 + r2d6? + dr?. (12.35)

The metric coefficients and the Christoffel symbols different from zero are

g1 =rcos’ 0, g2 = g13 = g23 = 0, (12.36)
gn =1 gn=1 (12.37)
1
1 12 13 23
fr— —’ = pr— = 0’ 12.38
gl =g g =g =¢ (12.38)
1
g ==.¢"=1 (12.39)
r

Fig. 12.2 A basis relative to spherical coordinates

2Note that the order (¢, 8, r) of the coordinates is different from the order (r, ¢, ) adopted in
Chap. 2.
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1
F112 = —tane, F113 = —, (1240)
r
1
I}, =sinfcosh, I'y; = —, (12.41)
r
I}, = —rcos’6, T3, = —r. (12.42)

In Sect. 2.6 we have shown that, adopting orthogonal coordinates, any vector v
admits the following representations in the natural basis (e;) and the physical
basis (a;)?

V= Vle,' = v’ai,
where

a, = Ee,‘, Vi = g,‘ivi, (1243)

(no sum over 7). In the physical basis, if F is a function and v a vector field of
(r, ¢, 8), the following formulae hold (see Sect. 2.7

1 oF 1 0F oF

VF = T+ -Za+ & 12.44
rcos@8g031+r89a2+ or ( )

1 3(r?v,) 1 9 1 9,
V.v=— — 0 —. 12.45
VSR + rcos 06 (cos Bvo) + rcosf dg ( )

We omit to write the very long expression of v- Vv which can be derived by applying
the program Operator.

Now, we have at our disposal all the ingredients we need to write the
Egs. (12.31)—(12.34) in spherical coordinates.

First, we evaluate the components of g* and Coriolis’ force in the terrestrial
frame. At a first approximation, the gravitational contribution to g* is given
by (12.12). Further, to evaluate the specific drag force, we denote by k the unit
vector along the terrestrial axis so that & = Qk. Then, we write the position vector
in the form r = r| + ry, where r| is the component of r along k and r is the
component of r along a unit vector u orthogonal to k and contained in the plane
Oasas. Since & = Qaj3, we can write

2x@2xr)=—22— |2 r=-Q%, =—-Q%rcosé.

3Here, we have again modified the notations adopted in Chap. 2 since we have denoted by an over
bar the components of a vector in the natural basis.

4We recall that all the formulae of the differential operators used in this section can be obtained by
resorting to the program Operator.
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Considering that go ~ 9.8 m/s? and Q = 7.29 rad/s, we can neglect the drag force
with respect to gy. Finally, it is

* ~ goas. (12.46)

Now, we refer the velocity field to the physical basis and denote by u, v, w its
components

V = ua; + va, + wags.
In the terrestrial frame the Coriolis acceleration can be written as follows
—2R x v = Q(cos fa, + sinfaz) x (ua; + va, + was)
Introducing the Coriolis parameter

f =2Qsinb, (12.47)

the Coriolis force assumes the form:
df
—2Q xv = f(va; —uay) — %(wal — uaj). (12.48)

Now, we have to find the form of the differential operators in spherical coordi-
nates. In view of (12.35), (12.36), and (12.43), we have that

_Op u dp vap ap

P=% + rcosfdg = r o6 Yar (12.49)
1 OJu 1 0 1 9(r2w)

= — 0 — . 12.50

v rcos@8¢+rcos089 (v cos )+r2 or ( )

On the other hand, from the expression of v - Vv obtained by the program
Operator, it is also

. 8u+ u 8u+v3u+ du uvtan9+uw a
V= dt  rcos@dp r oo War r r :

N 8v+ u 3v+v8v+ av uw+u2t 0)a
— —t - — — — + —tan
at  rcosfdp rab War r r >

N 8w+ u 8w+v8w+ ow w2
E— —_— —_—— W——
dt  rcos@dp radf ar

a;. (12.51)
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In view of the above results, the mass conservation assumes the following form:

ap u dp udp ap

at rcos@% r a6 W8r

1 du 1 9 dw 2w
— — —+— | = 12.52
+p(rcos€8<p+rcos€89(vcose)+Br+ r) 0. (1232)

whereas (12.32) becomes:

aCi u 8ci u 8()1‘ 8()1‘

—t—— 4+ -= — = 1. 12.53

8t+rc0593<p+r89 +W8r ( )
Taking into account (12.49), we write the three components of momentum balance
along the axes aj, a, and a3 as follows

u n u  Ou n v du N ou wuvtan®  uw
— —— —_—— W— P— —
dt  rcos@dp rdb ar r r
1 1 oap
= - @r. 12.54
prcosé dp ( )
av u v vov v ouw 1 dp
—_—t —— + - — — — + —tanf = ———, 12.55
8t+r00598(p+r89+w8r r + r an pr 96 ( )
ow u ow  vaiw ow  u?+v? 1dp
—_—t —— + - —— =———. 12.56
8t+r00598(p+r89+w3r r por ( )
Finally, the energy equation is (see (12.34))
. y—1,
o =Y "5, (12.57)
Ry

where the total derivatives 7" and p can be explicitly written by (12.49).°

12.5 Dimensionless Form of the Basic Equations

Equations (12.52)-(12.56) are too difficult to integrate even numerically. We can
hope that the formal complexity of the equations can be reduced if some terms in
the equations can be neglected with respect to others. To recognize if this is the
case, we need to write the basic equations in dimensionless form. To this purpose,
we introduce some reference quantities to which we refer the fields appearing in
the equations.

5 A complete analysis of basic equations in spherical coordinates can be found in [18,73,74].
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First, we introduce three characteristic lengths:

1. L to scale the horizontal lengths;
2. H to scale the vertical lengths;
3. a the terrestrial mean radius.

With these lengths we define two dimensionless parameters: the sphericity param-
eter § and the hydrostatic parameter ¢:

(12.58)

Besides the above characteristic quantities, we introduce a reference velocity U
and a characteristic time #y. The velocity U is characteristic of the horizontal
velocities of the air. Consequently, the characteristic velocity W to evaluate the
vertical velocities, owing to our choice of the characteristic lengths, verifies the
condition

W ~el. (12.59)

All the reference quantities we have introduced allow us to define three fundamental
dimensionless coefficients:

¢ The Rossby number

U? 1 U
Ro=——F = —, (12.60)
L fobU  foL
where f; is the Coriolis number at a given latitude 6,. This number gives the
rate between the acceleration relative to the terrestrial frame and the Coriolis
acceleration.
¢ The Stroual number

L
S =_—, 12.61
Uto ( )
Ifto=L/U,then S = 1.
¢ The Froude number
F v (12.62)
r= , .
VeoH

which measures the effects of gravity.

Before writing the basic equations in dimensionless form, we introduce new
coordinates x, y, and z defined by the transformation formulae
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Fig. 12.3 Coordinates x, y, z

X = agpcos b, (12.63)
y =a(8—6), (12.64)
Z=r—a. (12.65)

The above formulae show that the new coordinates are proportional to the spherical
ones, have their origin at r = a, longitude ¢ = 0 and latitude 8 = 6. Their
geometric meaning is shown in Fig. 12.3.

It is evident that

o 9 9 3
R 9 —, —=a4—, — = —. 12.66
dp T x 90 T Yoy ar oz (1260

Now, we have to write the Egs. (12.52)—(12.56) in these new coordinates after
introducing the dimensionless quantities:

t* =t/ty, x*=x/L, y*=y/L, ¥ =z/H, (12.67)
P

w* =u/U, V¥ =v/U, T* = — (12.68)
Rpo

w* =w/eU, p* = p/P, p* = p/po. (12.69)

where P and p, are reference values of pressure and density, respectively. In the
transformed equations will appear the dimensionless quantities that we denote, for
sake of simplicity, with the same letters of the corresponding dimensional quantities.
Introducing the operator (see (12.52))

Sa’ :Sa costy u d n V d
dt 0t cosh 1+e8z0x 14€8z07

(12.70)

after tedious but simple calculations, it is possible to arrive at the following
dimensionless form of the primitive equations of meteorology



400 12 Fluid Dynamics and Meteorology

¢ Mass conservation:

S@ +p (cos 6 1 % N 1 d(vcos6)
dt cosf 1+ e€bzdx cosO(1+e€bz) dy
+ a—wzsL) —0. (12.71)
dz l+e

¢ Component along a; of momentum equation

p(S@—F €duw _8uvtan9_isin9v+ €cosf w)
dt 1+ebz 1+4+€fz Rosinby Rosin 6,
cos b P dp
cosO(1 + €8z2) poU2 dx

(12.72)

* Component along a, of momentum equation

dv  €Swvw  Su*tanf 1 sinf
'O(SE + 1+ €dz * 1+ €z * Esin@ou)

1 P dp
1+ €8z poU2dy

0, (12.73)

¢ Component along a3 of momentum equation
dw w?+v> € cosf
Se*— + €6 - —
p( dt + 1+€fz Ro cos@ou)

P op n 1
poU%20x  Fr?

+ p =0, (12.74)

* Energy balance

oy
pST = VR—Sp. (12.75)
y

* Dimensionless constitutive equation: p = pT.

These are the primitive equations of meteorology in dimensionless form. They make
possible many simplifications depending on the region of atmosphere we intend to
analyze.

If we are interested in studying atmospheric motions at mean latitudes (6 ~ 45°)
on synoptic scale, then the reference quantities have the following values:

L~10°m, H ~10*m, a=~6.3-10°m,
U~10ms™', fy~107*%"! Py, ~ 10hPa,
P, ~ 10°hPa, g~ 10ms2, py= lkg/m’, (12.76)

¢
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where Pj, and P, are, respectively, characteristic pressures relative to horizontal
and vertical motions. Consequently, if we propose to describe the atmospheric
phenomena on the synoptic scale, we have that

§~107", €~107% Ro~10"", Fr~107%2 (12.77)
It is evident that the weight of the different terms in Eqgs. (12.71)-(12.74) changes
if we are interested in phenomena relative to a different scale. For instance, if we
choose L ~ 10* m, H ~ 10 m, without modifying the remaining parameters

in (12.76), then it is

§~1072, e~10"", Ro~10, Fr ~107/2, (12.78)

12.6 The Hydrostatic and Tangent Approximations

Suppose that we are interested in so extended horizontal regions of atmosphere that
the corresponding characteristic length L leads to the condition

€ L 6. (12.79)

If (12.79) holds, Egs. (12.71)—(12.74) reduce to the following ones

e Mass conservation:

dp cos By du 1 d(vcos®) ow
S— — —+ —]=0. 12.80
dt + (0050 dx cosf  dy * 0z ( )
* Component along a; of momentum equation
du 1 sinf cosbty Py, dp
S— —duvtan — — —— =0, 12.81
'O( ar o Ro sin@ov) + cos 8 poU? dx ( )

* Component along a, of momentum equation

dv eSvw 1 sinf P, 0p
S— + —— + 8’ tanfh + — = =0, 12.82
p( dr T lqes, Towtn +Rosin90”)+ (12.82)

¢ Component along a3 of momentum equation

p, 8p+ 1
poU?20x  Fr?

p =0, (12.83)
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* Energy balance

AT y—1.d
pS— — VTSd—f -0, (12.84)

* Dimensionless constitutive equation: p = pT.

When (12.80)—(12.84) are again written in spherical coordinates, we obtain the
primitive equations of meteorology:

%—i—prclseg—;—l—ﬁ%(vcos%—i—g—v: =0, (12.85)
% B vw?ne —fve or C1089 g_z =0 (12.86)

% v tjne ¥ fu+ %g_{o) — 0, (12.87)

%+%=, (12.88)

pi[_zT _ Vy_;l% _o. (12.89)

with the constitutive equation p = pRT.

Since (12.88) is the equation of hydrostatics, (12.85)—(12.89) are also called the
equations of hydrostatic approximation. Further, if we introduce the horizontal
velocity v, = ua; + vap, (12.86),(12.87) assume the following vector form:

d
ﬂ—}—(EtanG—}—f)kxv;,—}-Vhp=0, (12.90)
dt r

where

1 dp 1dp
Vip=— Lo 4 - P,
(L 3goal + r 0™

(12.91)
denotes the horizontal component of V p in spherical coordinates. The equations
of hydrostatic approximation have a great relevance in studying the atmospheric
dynamics on a large scale in a narrow layer of atmosphere near the earth. Further,
they represent the starting point of all the numerical and analytical approximations.

Now, we propose another important approximation of the primitive equations of
meteorology based on (12.78). In these conditions we can neglect the terms contain-
ing 6 and €/ Ro in the Egs. (12.70)—(12.75) so that we obtain
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dp cos By du 1 d(vcosh) ow
S— — — | =0. 12.92
dt+ (cos@ 8x+0059 dy + 0z ( )
du 1 sin6 cosfy P dp
P ( dt  Rosin 90\/) cos 6 poU? dx ( )
dv 1 sin6 P op
p( dt +Rosin90u)+poU28y ( )
dw P op 1
Se*— —+——=p=0, 12.95
P +p0U23x+Fr2p ( )
S
pST = ——Sp. (12.96)
Ry
p=pT,

where

d 8+coséo d n 0 n d (12.97)
dt 9 " cosf ' ox Vay e '

On the other hand, in the above equations 6 depends on § since
sin@ = sinfy + 8y cos Oy + O(8%),
cos 6 = cos By — 8y sin By + O(8?).
Therefore, in our approximation, we have that

sin 6 1 cos 0

~ ~1,
sin 6, * cos B

and Egs. (12.92)—(12.97) assume the following dimensional form:

p+pV-v=0, (12.98)
19
i— for -2 _, (12.99)
p 0x
) 1 dp
v+ fu+ -+ =0, (12.100)
p dy
10
-2 _o_p (12.101)
p 0z
. oy—1,
ol ———p =0, (12.102)
YR

P = pRT. (12.103)
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Introducing the horizontal velocity and horizontal pressure gradient as follows

0 0
vV, =ua; +vay, Vpp= %al + %az,

Egs. (12.99) and (12.100) assume the following vector form:
. 1
Vi + fkxv, =—=V;p. (12.104)
0

Equations (12.98)—(12.103) are called the equations of tangent plane approxima-
tion since they hold in a neighborhood of the point ¢ = 0, 8 = 6y and r = a of the
earth surface.

12.7 Bjerknes’ Theorem

We have already said that the terrestrial observer adopts a noninertial frame of
reference which is at rest relative to the earth. Now, we consider (see Sect. 2) the
inertial frame of reference OXyz which has its origin O at the center of the earth
and the axes oriented toward fixed stars. In this frame of reference, the momentum
equation is

pVe = —Vp — pVV,, (12.105)

where v, is the absolute velocity, that is the velocity relative to the inertial frame
OXyz and Vj is the gravitational potential (see (12.14)). From kinematics of rigid
motions, we know that

vV, =V+ R Xr, (12.106)
where v is the velocity relative to the terrestrial frame and 2 is the angular velocity
of Oxyz with respect to Oxyz. Recalling (4.17), the Exercise 4 in Sect. 4.7 and

remembering that £ is a constant vector, we obtain that the absolute and relative
angular velocities are related by the formula

1 1
wa=5vaa=5va+Vx(Slxr)=w+Sl. (12.107)

Further, from (12.106) we derive that the absolute circulation of velocity around a
closed material curve y (see Sect. 9.3)

I‘,,:/V,,-ds,
Y
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is given by
I, :F+/(SZ xr)-ds. (12.108)
¥
On the other hand, owing to Stokes’ theorem it is also
/(SZ xr)-ds:/SVx(Slxr)-Ndo,
v

where S is a surface whose boundary is y and N is the unit normal to S. Taking
into account (12.7) and (12.8), we obtain:

=T+ / ? -Ndo. (12.109)
s

But = QKk, with k unit vector along the axis of rotation of the earth, so that
k - N = sin 0 and the above formula assumes the final form

T, =T + QA,, (12.110)

where A, is the area of the projection of the surface S on the equatorial plane.
Now, we can prove the following Bjerknes’ theorem:

Theorem 12.1. In the terrestrial frame of reference the circulation of velocity
around a closed material curve satisfies the condition

dr 1 dA,
—:—/—Vp-ds—Q |
dt y P dt

(12.111)

Proof. By differentiating (12.110) with respect to time, we have

dr _dT, _d4,
dt — dt dr

Since y is a closed material curve, it is the image y = X(yx, t) of a closed curve Y.
in the reference configuration C, by the equation of motion x = x(X, ), X € C,.
Therefore, the following chain of equalities holds:

= — | vidx; = — i oo dX;
dr —ar ),V T ], x4

0x; 0x; 1
= .i l i - dX; = ’ _v2 -ds.
/y*(vanJrvan) ’ /V(V+2 V) )

dT, d d / 0x;
Y
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Taking into account (12.105), we finally have that

dry 1 1
:—/V(Vg——vz)-ds—/—Vp-ds
dt y 2 y P

and the theorem is proved since the first integral on the right-hand side of the above
equation vanishes. O

Remark 12.2. By applying one of the formulae of exercise 4 in Sect. 4.7 and Stokes’
theorem, we obtain

1 1
—/—Vp-ds:/—ZVprp-Ndo.
y P s P

This formula shows that the first integral on the right-hand side of (12.111) vanishes
if and only if the surfaces at constant density coincide with the surfaces at constant
pressure. This circumstance is verified for a perfect fluid at constant temperature
(barotropic fluid) not for a perfect fluid in which the temperature varies from one
point to another one.

Remark 12.3. From the above remark, it follows that if we consider a perfect fluid
at constant temperature moving relative to an inertial frame, then Bjerknes’ theorem
reduces to Kelvin’s theorem which has been proved in Sect. 9.3.

Remark 12.4. In a barotropic fluid moving relative to the terrestrial frame of refer-
ence, the absolute circulation of velocity is constant so that, integrating (12.111) in
the time interval [t1, #,], we obtain that

() —T'(t1) = =2Q(A,(t2) — Au(t1)).

Therefore, in these conditions, the relative circulation of velocity in the terrestrial
frame varies changing both the latitude of y and the area of the surface S, which
has a material curve y as its boundary.

12.8 Vorticity Equation and Ertel’s Theorem

We have already proved many important results about the angular velocity @. The
first important property of this vector field is described by Kelvin’s theorem which
states that the velocity circulation along a closed material curve is constant. That
implies, in view of Stokes’ theorem, that the flux of @ across a material surface
is constant. Other important results are expressed by Helmotz’s theorems about
the vortex tubes. Finally, the evolution of this vector is described by Beltrami’s
equation (5.86)
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d (w 1 /1
(Z2)==(=v vV 12.112
dt(p) p(Z xare V)’ ( )

which, when the continuous system is a perfect fluid acted upon by conservative
forces, reduces to the following one

d (@ 1
—|—])=-w- Vv 12.11
dr(p) P (12119

More particularly, if the fluid is incompressible, then the above equation becomes
® =0 Vv.

In this section we prove an important result, due to Ertel (1942), which can be
derived by Beltrami’s equation (12.112). From the momentum equation (see (5.30))

1 1
a=—-Vp+-V.T® 4 p,
p p

where T@) denotes the dissipative part of stress, we obtain

\Y V.T@
vXa=—vX(—p)+vX( )+be
p p

VpxVp V.T@
= ——5—+Vx B + V xb. (12.114)
p

Introducing (12.114) into (12.112), we arrive at the following equation6

d 2 VpxV
2_ 2 = —W 'VV“[‘ M
dt \ p o o?

1 V.-T@ 1
+ -V x ( ) + -V xb, (12.115)
P P p

which, resorting to the mass conservation, can easily be written in the equivalent
form
20 =2w - Vv—-20V-v+V Xxb

VpxV V.T@
—}—#%—VX( )
p P

(12.116)

SEquations (12.115) and (12.116) differ from the corresponding equations that can be find in
literature, since we define @ = (1/2)V X vinstead of o = V X v.
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This last equation shows that the time variations of @ are due to:

+ the term (Vp x Vp)/p? which takes into account effects of changes of density
and temperature;

e the term V x b describing the effects on vorticity of the acting forces;

+ the term V x (V-T /p) which describes the vorticity diffusion due to viscosity;

e the term @V - v describing the effects of volume variations;

* the term @ - Vv showing the effects of variation of velocity on time variations
of w.

All the equations we have written in this section hold in an inertial frame. If we
want to apply them to a terrestrial frame of reference, we have to remember that is
not inertial. In view of (12.105) and (12.107), the force acting on the atmosphere
are conservative and angular velocity @ becomes

w, =w+ L.

Finally, (12.116) in the terrestrial frame of reference can be written as follows

d (@, 2 VpxV 1 V.T@
}_(1)=_w.mw_£ér£+_vX( ), (12.117)
dit \ p p p p p

Now, we are in condition to prove the following

Theorem 12.2 (Ertel). If there exists a scalar field A which is constant during the
motion,

A =0, (12.118)

the dissipative stress tensor T vanishes and one of the following conditions
holds,

e the fluid is barotropic (i.e., p = p(p));
* A= Ap,p);

then also the potential vorticity
1
IM=—(w+ R)-VA, (12.119)
P

is constant.

Proof. In the above hypotheses, Eq. (12.117) becomes

d 2 \Y \Y%
24 (L2) = 2y, vy 4 L2YP (12.120)
dt \ p o o}
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On the other hand, it is

ER %vz\ +v-V(VA)

dt
A
=V + V(- VA) = Vv- VA
A
=V (‘Z—t) — Vv-VA. (12.121)

In view of this result, we can also write:

2o, Lyn = (& : v) A (& : vV) .VA. (12.122)
P P dt p

By a scalar product of v and (12.120) we obtain a new equation which, added
to (12.122), supplies the final condition

d (2w, Vp x V
L (29 gaA)=wva. [P VP (12.123)
dt \ p o}

when we use (12.118). Now, the right-hand side of (12.123) vanishes when p =
p(p), since itis Vp = p’(p)Vp, and when A = A(p). Then, theorem is proved. O

This theorem is very important for understanding the large scale dynamics
of the atmosphere. Indeed, in suitable approximations, it becomes the governing
equation of motion. Any time we determine a scalar function which is constant
during the motion, we obtain a corresponding potential vorticity. For instance, if the
atmospheric process is adiabatic, the entropy S is constant and, consequently, also
(w, - VS)/p is constant. In particular, we can state that in going from a surface for
which A = A to a surface A = A,, where A; < A, are slightly different values,
then, the component of @, along the normal N = VA/|VA] to the first surface,
decreases in going from A to A,. There are many applications of Ertel’s theorem
to meteorology and oceanography.

12.9 Reynolds Turbulence

The basic equations of meteorology, in their different approximated versions,
constitute the starting point of any more accurate theory of atmospheric behavior.
However, they are based on the assumption that the air can be described by a perfect
gas in the absence of thermal conductivity. In other words, these equations neglect
all the effects produced by viscosity and heat exchanges inside the atmosphere.
These effects are relevant, especially near the terrestrial surface (planetary boundary
layer).
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Viscosity and heat conduction produce a chaotic and unforeseeable behavior of
the flow, i.e., they generate turbulence in the flow. As a consequence, the flow
can change from a laminar and ordered flow to a turbulent one. The mathematical
problems related to turbulence are extremely complex and they are still unsolved.
Here, we introduce only the preliminary elements of this theory due to Rayleigh.
The approach of this author is based on the hypothesis that, during a turbulent flow,
there exists a mean motion which can be described by the ordinary equations of
viscous fluids. For instance, the smoke of a cigarette exhibits a sequence of vortices
whose behavior is very complicated. However, together with this chaotic flow, there
is a regular upward flow of vortices.

The idea of Rayleigh consists in decomposing the velocity v of the turbulent flow
into a fluctuant part v and a velocity (v) which is the time mean of v:

1 T/2

(v) = —/ v(x,t + 1)dT, (12.124)
T J_rp

where the time interval [—7/2,T/2] is supposed to be much smaller than the
characteristic time of the mean motion. Although we have no idea about v, we are
only interested in describing its effects on the regular mean motion. In conclusion,
we have that

v={(v)+V, (12.125)
where, owing to (12.124), it is also
(v) = 0. (12.126)
Similar decompositions hold for the mass density p(r, ¢) and the pressure p(r,t):
p={p)+p. p=(p)+p
(p) = (p) =0. (12.127)

Further, denoting by a(r, ¢) and b(r, t) two arbitrary fields depending on the position
vector and time, it is plain to verify that the following Rayleigh’s rules hold:

(a+Db) = (a) + (a)
(ab) = (a)(b) + (ab).
da d da d

)= -{a). (52) =o-{a). (12.128)

(E at ax’  ox

Introducing the decompositions (12.125), (12.126) into the mass balance of an
incompressible fluid, we obtain

V. (v) = 0. (12.129)
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Denoting by u, v, and w the components of v along Cartesian axes Oxyz and
applying the rules (12.128) to Navier—Stokes equation of an incompressible viscous
fluid (see (9.77)), we arrive at the following result for the component of momentum

along Ox
1
P

g )+ D)5 (O + D)5+ () + 9 ) () +
y Z
0(

1dp
a—p)——a—p + vA(u) + u, (12.130)
from which, evaluating the mean value of both sides and taking into account the
incompressibility of the fluid, we have that

9(u)
b .V
S (v) - V)
10 0 0 a
==——J£2+vAuq—-—wm-u—4W)———wwy (12.131)
o Ox ox ox ax
Introducing the notations
- Tij
(Viv;) = ——, (12.132)
P

and considering the components of momentum equation along the axes Ox and Oy,
we finally obtain

M—{—(v)-V(v) :—lV(p)—i—lV-T—i-VA(V). (12.133)
ot p P

This equation shows that, owing to the presence of the term V - T, the mean value of
velocity does not satisfy the equation of a Navier—Stokes for incompressible fluid.
On the other hand, the symmetric tensor T depends on the flow fluctuations that
are unknown. Therefore, in order to close the system (12.129), (12.133), we need
conditions that relate 7 to the mean velocity (v). The most simple way to reach
this objective, consists in supposing that T depends linearly on the gradient of mean
velocity by the relations:

ou av
Tyx = 2pAH£’ Tyy = 2pAH5, (12.134)
ow
Ty = ZPAVB—, (12135)
Z

—papy () (12.136)
ax  dy
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ou ow

Tyg :PAVa_Z‘i‘AHa, (12.137)
v ow

Ty, = IOAVa—Z + pAHg (12138)

The quantities Ay and Ay are called the turbulence vertical viscosity coefficient
and the turbulence horizontal viscosity coefficient, respectively. Note that the tensor
T defined by the above equations is symmetric.

Equation (12.12), in which we have adopted the definitions (12.134)—(12.138),
shows that the turbulence is described by a further viscosity stress T. However, this
stress, differently from the viscosity stress tensor appearing in the Navier—Stokes
equation, is not due to molecular interactions. In fact, it has been introduced to
describe the turbulence. In other words, the Navier—Stokes tensor describes physical
properties of fluid whereas T describes a property of the flow of fluid.

12.10 Ekman’s Planetary Boundary Layer

We have already said that the effects of viscosity and thermal conduction are relevant
on the earth surface. In this section we sketch the effects of turbulence due to
viscosity in a layer near the terrestrial surface.

The layer of atmosphere in which the turbulence is important is called Ekman’s
layer. The main properties of this layer can be derived supposing that it is filled by
an incompressible and homogeneous gas whose turbulent motion is referred to a
Cartesian frame of reference Oxyz at rest with respect to the earth. The origin O of
Oxyz is a point belonging to the surface of the earth and the Cartesian plane Oxy
is the tangent plane to the earth at the point O.

In this section we prove that the thickness of Ekman’s layer is evaluated by the

number
24y
S = | —, (12.139)
V f

where Ay is the turbulence vertical viscosity coefficient (see previous section) and
f the Coriolis parameter. Recalling that f ~ 107*s™! and A, ~ 10* m/s, we can
state that

8 ~ 10> — 10°m.

Introduce the Ekman number

E = & A (12.140)
L2 T fLY '
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denoting the rate between the coefficient A, and Coriolis’ parameter multiplied by
a characteristic length. If L ~ §g, then ~ 1 and we are in the turbulent layer; if
E <« 1, then we are out of this layer.

From the hypotheses about the nature of this layer and the frame of reference
we have adopted, we can state that the equations governing the turbulent motion are
(see Eqs. (12.133)—(12.138)):

§§+g§+%gza (12.141)
F-fr=-r s H(giﬁ+g;‘§)+mgiz§‘, (12.142)
W pu= iy H(%+§;)+Avg§, (12.143)
fl—f+g=—%§—’;+AH (%+§TZ)+AV%, (12.144)

where f = 2Q. To the above equations we add the following asymptotic conditions
u=U v=w=0, z— 00, (12.145)

and the boundary conditions on the terrestrial surface
u=v=w=20,z=0. (12.146)

We search for a stationary solution of the boundary value problem (12.141),
(12.146) of the following form:

u=1u(z), v=v@), w=w(). (12.147)

From this hypothesis and the continuity equation (12.141) we obtain the relation

aw

— =0, (12.148)

0z
which, in view of the boundary condition w(0) = 0, implies that

w(z) = 0. (12.149)

Owing to this result, Egs. (12.142)—(12.144) can be written in the form:

7For the sake of simplicity, we omitted in these equations the symbol () to denote the mean value.
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10 %u
_fvz__£+ Vo (12.150)
19 P
f”:_5£+AVa_z;’ (12.151)
19
g = —;a—’;. (12.152)

From (12.147), it follows that dp/dx and dp/dy do not depend on x and y. In the
limit z — oo, when we take into account the asymptotic conditions (12.145), we
obtain that

1 ap 1 ap

0=——1lim —, fU =—- lim —. (12.153)
0 700 90X p 200 0y

In conclusion, since dp/dx and dp/dy are independent of x and y, we can state
that, for any value of z it is:

9 9
P _ P _

=0, —pfU. 12.154
o 3y of ( )

All these results allow us to put (12.150) and (12.151) in the form:

d?v
= Ay—, 12.155
fu Viz ( )

d’*u
—fv=A4y—, 12.156
fv Vi ( )

where we have introduced the notation

u=u—U. (12.157)

Differentiating twice (12.156) and taking into account (12.155), we obtain the
fourth-order ordinary differential equation

du  f?
— 4+ —u=0, 12.158
dx4 * Avu ( )
whose general integral, in view of (12.139), is

1e(l+i)z/55 + Cze(l—i)z/5E

u==0C
+ Cye~+D/oE | €, (=D2/08 (12.159)
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Fig. 12.4 Ekman’s spiral yz and experimental curve y

with C;, C,, C3, C4 arbitrary constants of integration. Since the first two terms
of (12.159) contain exponentials with positive real parts, the solution is bounded
if C; = C, = 0. For these values of C; and C, are also satisfied the asymptotic
conditions (12.145). Therefore, we have that

U= C3e—(1+i)z/5E + C4e_(1_i)z/8E’ (12.160)

v = —iCye WD 4 jC e~ (17008 (12.161)
and the conditions (12.146) are satisfied if

U
C=C4= 5 (12.162)

In conclusion, the stationary solution we are searching for is

u=U (1 — /% cos 81) , (12.163)
E
v = Ue /% gin 51 (12.164)
E

The curve yg described by these parametric equations is called Ekman’s spiral
and its behavior is shown in Fig. 12.4. When the value of z increases, the point
(u/U,v/U) moves toward the right-hand side on both curves. In other words,
although the two curves are different, Ekman’s curve describes an important
effect: the horizontal velocity rotates when the altitude increases, i.e., there is
a rotating wind parallel to the surface of the earth. A more accurate analysis
of system (12.141)—(12.144) leads to the following interesting results (see, for
instance, [18,45]):

* The horizontal wind moves toward the regions of atmosphere with a lower
pressure. In Fig. 12.5 are shown the isobars and the flow of air toward the low
pressure zones.
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isobars

AN

I~

Fig. 12.5 Flow from high pressure to low pressure

* Together with the horizontal flow, there is a vertical component of velocity. This
vertical flow moves air from warmer regions to colder ones determining the
formation of clouds.

» All the mentioned flows lead to the reduction of the cyclonic regions (spin-down).

12.11 Oberbeck-Boussinesq Equations

In the preceding two sections we have shown some effects of turbulence resulting
from viscosity. In the next sections we take into account some fundamental effects
due to the thermal conduction.

On any scale the atmospheric motions have their origin in the convection. This
phenomenon is essentially determined by temperature differences due to solar
heating, the temperature difference between the polar regions and the equatorial
zone. Consider a fluid layer L whose lower surface Sy is at a constant temperature
Ty greater than the temperature 7' of the upper surface S of L. If the difference
T — Ty is small, then the fluid remains at rest and the heat flows from S, toward S.
This phenomenon is called heat conduction. Since the temperature decreases from
Ty to T in passing from Sy to S, the lower layers of L have a lower density as a
consequence of thermal expansion. Therefore, on these layers is acting the buoyant
force (see Sect. 9.2) that pushes them toward §. If the difference T — Ty is small,
then this force is balanced by the viscosity. When the difference 7" — Ty increases,
the viscosity does not succeed in stopping the lower layers and starts the heat
convection, i.e., the motion of fluid from Sy to S in a turbulent way. The first attempt
to describe the experiments on convection, due to Benard (1900), was carried out by
Rayleigh which proved that the convection takes place when the Rayleigh number
R, is greater than a critical value R, depending on the geometry of the layer, i.e.,
when
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4 _
_ gah® (T — Tp) -

R
“ kv

R, (12.165)
where g is the gravitational acceleration, o the thermal expansion coefficient,
the thickness of the layer, k the thermal diffusion coefficient, and v the kinematic
viscosity coefficient.

In order to describe the convection inside a gas the Oberbeck—Boussinesq
equations have been proposed. These equations are obtained simplifying the
Navier-Stokes equations of a compressible viscous fluid on the basis of the
following hypotheses:®

* the variations of mass density due to the heating can be neglected everywhere in
the Navier—Stokes equations except than in the gravitational term pg. Denoting
by po the constant value of mass density at the temperature 7T, the term pg is
written as follows

ool —a(T = To)], (12.166)

where « is the thermal expansion coefficient. This formula states that, beside the
gravitational force pyg, there is a buoyant force increasing with the temperature
difference T — Ty.

e All the thermodynamic coefficients u, k,.., appearing in the equations are
constant.

Accepting the above hypotheses, the mass conservation, the momentum balance,
and the energy balance assume the following form

V.-v=0, (12.167)
1
iz:—p—Vp-l—g[l—ot(T—To)]k+vAV, (12.168)
0
T = kAT, (12.169)

where k = k/poc, and c, is the specific heat. It is evident that the Oberbeck—
Boussinesq equations have to be equipped with appropriate initial and boundary
conditions relative to the flow and temperature.

81n literature it is possible to find many attempts to justify these hypotheses. In our opinion none
of them is completely convincing. They can essentially been accepted owing to the correct results
they foresee.
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12.12 Saltzman’s Equations

In this section we refer the Oberbeck—Boussinesq equations to a Cartesian frame of
reference Oxyz, with Oz vertical, and suppose that all the fields entering these
equations depend only on the coordinates x, z, —oo < x < 00,0 < z < h,
and time 7. The simplified equations we obtain are called Saltzman’s equations.
Denoting by i and k the unit vectors long the axes Ox and Oz, respectively, the
velocity fields can be written as v = ui + wk and Eqgs. (12.167)—(12.169) become:

ou 0w
— + — =0, 12.170
ox 0z ( )

L N N BN (12.171)
_ J— _— = ——— Vv u, .
ar " ox Tz T oo ox

ow aw aw 1 dp

E ua Wa_Z Lo 0z
+ ag(T —Ty) + vAw, (12.172)

T T 0T AT (12.173)
— — — =«kAT. .
o Yax Tz

First, we note that (12.170) implies the existence of a stream potential, i.e., of a
function v (x, z) such that (see Sect. 9.5)

ad ad
u= =W (12.174)
0z ox
and (12.170) is verified. In second place, we prove the existence of a static solution
of (12.170)—(12.172) in which the temperature depends only on the variable z, that
is, T. = T.(z). Then, foru = w = 0 and T = T(z), these equations reduce to

p = p(z)and

d>T.
=0, 12.175
dz? ¢ )
whose solution T, corresponding to the boundary data:
T.(0) = Ty, T.(h) = Ty — 6T, (12.176)

is

T.(z) = Tp — ST% (12.177)
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Now, according to Saltzman, we express the solution 7 (x, z, ¢) of (12.170)—(12.172)
as the sum of T,(z) and the deviations ®(x,z,t) = T(x,z,t) — T.(2), i.e,

T(x,z,t) =T.(2) + O(x,z,1). (12.178)
Now, introducing (12.174) into (12.171), (12.172), differentiating (12.171) with

respect to z, (12.172) with respect to x and subtracting the resulting equations, we
obtain

5 oy d oy 9 0
— Ay — ——A ——A —_— A 12.17
gtV T R AV T gy gtV T s TvATY (12.179)
where
.9 O
N= —F+2— + —. 12.1
x4 + 9x20z72 + 072 (12.180)

It is an easy exercise to verify that the energy equation (12.173) can be written as
follows:

00 0y 00 Iy 00 ST 0y
T i T A O X 12.181
8t+3x 0z dz dx h 8x+ ( )

Adopting the usual notation

da,b) _dadb dadb

d(x,z) Ox 9z 0z ax’

we can write (12.179) and (12.181) in the form

0., WA 96
5Al//+ a(x,z) BRI
00 (Y, @) ST oy

LWV | eno. 12183
da)  hoax TF (12.183)

+ v A2y, (12.182)

These equations are equivalent to (12.170)—(12.173). It remains to assign the
boundary conditions. Searching for a solution such that 7(0) = Ty and T'(h) =
Ty — 8T, we obtain the following boundary conditions for ® (see (12.178)):

O(x,0,1) = O(x, h,1) = 0. (12.184)

About the boundary conditions relative to the velocity, following Lorentz (see
[31]), we assume that the conditions of free surface hold on both the planes z = 0
and z = h. This assumption leads to the conditions

w(x,0) =w(x,h) =0 a—W(x,O) = 8—w(x,h) =0, (12.185)
ox ox
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In turn, these conditions imply”
¥ (x,0) = ¥(x,h) = cost =0. (12.186)

From the hypothesis that 7 = 0 and z = h are free surfaces, we also derive the
condition that the tangential component of the stress vanishes:

t'T'Il=2/,Ll,'D,'j}’lj, (12187)

where t = (1, 0) is the unit vector along to the axis Ox and n = (0, 1) denotes the
unit vector along the axis Oz. Since the condition (12.186) implies

ow ow
E(X»O) = a(x,h) =0,

from (12.74) we easily derive the following boundary data

du u %y 2y
[ = — frd _— = — = . 12.1
(6.0 = () = 0= S1(x.0) = T2 ) =0 (12.188)

The asymptotic boundary data relative to the variable x € (—oo, co) are substituted
by suitable periodic data (see next section).

Before attempting to solve Saltzman’s equations it is convenient to write them in
dimensionless form. To this end, we start defining the following reference velocity

U = /ghasT. (12.189)

As reference quantities of length, temperature, and time we take A, 67, and
h?v respectively. Using these reference quantities we introduce the following
dimensionless variables:

* u * w e* S
W =—,w = —, = -,
v ghadT v ghadT 8T
* X * < % ¢ * W
= —, = —, [ - ), = —. 12190
TR T eV T o ( )

Omitting the asterisk for sake of simplicity, we can write Saltzman equations and
boundary conditions in the following dimensionless form

9From (12.185) we derive that Y = ¢; on the plane z = 0 and ¥ = ¢, on z = h, where ¢ and c;
are constants. In [13] the choice ¢; = ¢; is justified. Since ¥ is defined up to a constant, we can
choose ¢y = ¢, = 0.
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3 . AY) BIC)
AV TR G T AV TR
30 Iy.0) 1 oy
Fn + R, 3(x.2) = EA@ + Rea,
Y(x,0) =v(x,1) =0, ¥.(x,0) = ¥.(x,1) =0,
O(x,0) = O(x, 1) = 0, (12.191)

where we have introduced the Prandtl number

o=2, (12.192)
K

and the Reynolds number

UH _ \/gh%adT

v v

(12.193)

We conclude this section comparing the Rayleigh number (12.165) with Reynolds
number

R,=Rlog =>—"—. (12.194)

12.13 Lorenz’s System

Equations (12.191) are nonlinear partial differential equations in the unknowns
¥ and ©. Here we sketch the procedure proposed by Lorentz in [31] to obtain
approximate solutions of the boundary value problem (12.191). This approach
consists in introducing into Eq. (12.191) the Fourier expansions of the functions ¥
and ©. In such a way we arrive at a system of infinite ordinary differential equations
whose unknowns are the Fourier coefficients of the expansions of { and ©. It is
well known that this approach, when it is applied to a linear system, allows to
determine the Fourier coefficients step by step. On the contrary, in the nonlinear
case, we should solve the whole system of the infinite equations to determine the
Fourier coefficients. It is evident that this approach can lead to concrete results if
we can state, on a physical ground, that the first terms of the Fourier expansions are
sufficient to supply a sufficiently approximated description of the phenomenon we
are interested in.

Since we are trying to obtain a description of the thermal convective cells, we
impose periodic boundary conditions for the variable x, i.e., we suppose that the
functions ¥ and ® are periodic with respect to the variable x with a period 2h/a.
In this hypothesis, the domain in which we search for the Fourier expansions in
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dimensionless variables is Q@ = [0, 2ha~!'] x [0, 1]. We suppose that the functions
Y and O are square-summable functions, i.e., elements of the Hilbert space L,(£2),
and choose in €2 the basis of orthonormal functions

{cosnmax,sinnmwax,1}°2, x {sinmnz}o_, . (12.195)

Starting from the numerical results of Saltzman, Lorenz [31] supposed that it was
sufficient to consider only the first terms of Fourier’s expansions of the functions ¥
and ©. In other words, he assumed that

v(x,z,t) = \/EX(I) sin(nwax)sinmz (12.196)
© = V2Y(r) cos(rax) sin(rz) — Z(¢) sin(27z), (12.197)

in which v2X(t), ~/2Y(t), —Z(t) denote the first Fourier coefficients of the
above functions. Inserting expansions (12.196) and (12.197) into the dimensionless
Saltzmann’s equations (12.191) we obtain

V2y cos(rax) sin(rx) — Z sin(27z)

+ R, [nazXY sin(2rz) — 2V2ra*XZ cos(max) sin(mz) cos(27rz)]
1 2 20,2 .
= — [4n Z sin(2nz) — V2r (a” + 1)Y cos(mwax) sm(nz)]
o
+ R.A2Xna cos(wax) sin(wx), (12.198)

— \/57'[2(612 + 1)X sin(7ax)sin(rz) = —R, V2raY sin(rrax) sin(mwz)
+ V27*(@? + 1)2X sin(rax) sin(rz). (12.199)

From (12.199) there follows

aR,

X=—2 Y —7%d®+ X. 12.200
s+ " (@ +1) ( )

Further, multiplying (12.198) by sin(2mz) and integrating on the interval [0, 1], when
the orthogonality conditions are recalled, we obtain the equation

. 472 )
l =——27+ma"R.XY. (12.201)
o

Finally, multiplying (12.198) by sin(xz) and integrating on [0, 1], we get the
equation

2 2
1
@+,
(o2

Y = R,maX — n*aR,XZ — (12.202)
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Now, it remains to give a more simple form to (12.200), (12.201), and (12.202).
To this end, it is sufficient to introduce the new variables

x=AX, y=uX, z=nZ, tv=E¢Et, (12.203)

where A, p, n, & are parameters that will be chosen in a suitable way. Under the
change variables (12.203), the Egs. (12.200), (12.201), and (12.202) become

S (R Y S L. (12.204)
X =—-\|—-T7 a’)x AT . s .
£ 221 +au’
1 R, R.
b= (—on?(1 +adyy - TOTeH TR ) (12.205)
£ An A

4r? w2aR.n

= g (—72 + Y xy) . (12.206)

Finally, Lorenz chooses the parameters A, i, v, £ in such a way that

(1 +a®) . n*aR,v
§o Y ’
2aR R.A
Talfeft _ __Taler  _ (12.207)
§An En?(1+a)p
In conclusion, Egs. (12.204)—(12.206) assume the form
X =—0x+ oy,
Yy =-—y—Xxz+TrX,
7= —bz+ xy, (12.208)
where we have introduced the notations (see (12.194))
waR. R, 4
= =—, b= . 12.209
"TTa T R 1+ a2 (12.209)
and
2
RF= & (12.210)

“ T T4+ a?)d

is a characteristic value of Rayleigh’s number depending on the geometry of the
system.
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12.14 Some Properties of Lorenz’s System

In this section we present some interesting properties of the solutions of Lorenz’s
system.'”
First, we prove that all the solutions of Lorenz’s system are bounded. To prove
this statement, we introduce the new variable
Uu=z—r-—o, (12.211)

by which Lorenz’s equations assume the following form

X =—-0(x—y),
y=-y—x(+o),
u=-bu+r+o)+xy. (12.212)

Let x(2), y(t), u(¢) any solution y of (12.212). If s = (x? 4+ y2 4+ u?)!/? denotes the
distance from the origin (0, 0, 0) of the moving point of y, then we can write that

$§ = xX +yy +uit = —ox> — y* —b? + u(o +r))
=—ox*—y*—b(u+ %(r +0))?* + %b(r +0)%
Now, it is § < 0 if and only if the following condition is verified
—ox?—y* —b(u+ %(r +0))* + ib(r +0)? <0,
which, in terms of the variables x, y, and z, can also be written as follows

v 2 ey
+ >
b(r+0)2/40  b(r+o0)/4 (r+0/2)2

(12.213)

This condition defines en ellipsoid £ having the center (0,0, (r + ¢)/2) and axes
2(r +0/2)\/b/o,2(r + ¢/2)v/b, and r + o along Ox, Oy and Oz, respectively.
In conclusion, the distance s decreases for any state outside £ and therefore all the
solutions tend asymptotically to &.

To prove another important property of the solutions of Lorenz’s equations, we
resort to Liouville’s formula

J=JV-f (12.214)

10T go deep into this subject, see, for instance, [17,22,72].
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which holds for any autonomous system of differential equations
% = f(x),

x € N, where J is the Jacobian matrix

afi
J= (i) .
an
For the Lorenz’s system (12.208) we have that

Vif=—(0+b+1)<0. (12.215)

Denote by x = (x, y, z) any point of i3, by V} the volume of any subset £ of i>
and consider the orbits x(t, Xg), Xo € 2, starting from any point of €. Finally, by
V(t) we denote the volume of the set Q(¢) of i3 defined by

Q = {x(t,X%0),Xp € L, € N}.

Then, applying Liouville formula, we obtain the result

d d

V() = — dv = — Jdvz/jdv
W=u Q) dt Jo,” " Jo, 7T

=—(c+b+DV(),
from which it follows
V(t) = Voe bt (12.216)

so that the volume V (¢) decreases exponentially when ¢ — oco. Taking into account
both the above results, we can state that all the orbits starting from the points of any
region €2 containing the ellipsoid £ asymptotically converge toward a subset W of
& whose measure tends to zero.

Remark 12.5. Before going on, we note that when x = y = z = 0 it is also
X =Y = Z = 0(see (12.203)) and, in view of (12.196) and (12.197), ® = ¢ = 0.
In other words, when x = y = z = 0 the velocity field vanishes and the temperature
fields reduces to the convective static solution (12.189).

Determining the equilibrium configurations and their stability or instability is a
very elaborate task which requires the knowledge of many results about dynamical
systems (see, for instance [22,31]). For these reasons, we omit the complete analysis
of equilibrium configurations and limit ourselves to expose the main results. The
equilibrium configurations of Lorenz’s system are obtained solving the algebraic
system
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x—y =0,
rx—y—xz=20

bz—xy =0, (12.217)

from which we derive the conditions

2
x=y, z= %, y[(r — )b -y} = 0. (12.218)

Analyze the possible equilibrium configurations:

1. r <1.
From (12.218) it follows that the only solution is x = y = z = 0. In view
of the above remark, this solution corresponds to the absence of convection and
the temperature reduces to the static solution (12.189). In order to evaluate the
stability of this equilibrium solution, we consider the jacobian matrix of Lorenz’s
system at the origin

—o0 o 0

dfi
(%) [, -1 0. (12.219)
Yx=0 \ 0 0 -b
whose characteristic equation is
A+ [A+A+0)A+0(l—r)]=0. (12.220)

This equation admits the following negative solutions

l14+o0
2

A =—b, Aiz=-— F %\/(1 +0)—4o(l—r), (12.221)
and (0,0, 0) is linearly asymptotically stable. Since this is a case in which the
results derived from linear stability can be extended to the nonlinear stability
(see, for instance, [33]), we can state that (0, 0, 0) is asymptotically stable.

2.r>1
System (12.218) admits the following three solutions

x=y=z=0, (12.222)
x=y=FVbr—-1,z=r—1 (12.223)

The first solution again corresponds to the conductive solution. However, in this
case, the characteristic equation (12.220) admits the negative eigenvalue
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O

Fig. 12.6 Convective cells relative to C~ and C T

1 1
hy=— *2“’ + 5V + 0y =407, (12.224)

and the equilibrium position (0, 0, 0) is unstable. In other words, the equilibrium
configuration (0,0, 0) is asymptotically stable when r < 1 (R, < R}) and
becomes unstable when r > 1 (R, > RJ). This variation of stability character
of (0, 0, 0) corresponds to Rayleigh’s instability.

The other two equilibrium configurations, which we denote with C T, correspond
to stationary convective configurations. They are symmetric respect to Oz axis
and differ, each from the other, for the rotation versus of the vortex cylinders of
any convective cell (see Fig. 12.6). This statement can be verified by evaluating
the vertical component of velocity at the center of the cell and on one of the two
boundaries:

w(0,1/2) = %—f(o, 1/2) o F/(br —1), (12.225)
w(a™',1/2) o« F/(br —1). (12.226)

In order to determine the stability properties of the equilibrium configurations C T,
we must consider the jacobian matrix of Lorenz’s system at C T

of, —0 o 0
(a_) = 1 -1 FVb(r—1) |, (12.227)
et \F - DTV - b

and its characteristic equation. We omit the elaborated algebraic discussion leading
to the following results. There exist a critical value r* > 1 and a value

ry = O(G+—b+3)’ (12.228)
c—b—1
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Fig. 12.7 Chaotic behavior of Lorenz’s solution

such that:

o ifr € (1,7r*), then (0, 0, 0) is an unstable node and C T are two stable nodes'';
e ifr € (r*,ry), then (0,0, 0) is an unstable node and C T are two stable foci;
e Ifr > ry, the (0,0, 0) is an unstable node and C T are two unstable saddlepoints.

One of the most interesting consequences of Lorenz’s system is that, per suitable
values of the constants a, b, and o, the solution of the system defines a curve having
a very complex behavior. It tends to a subset W of 9 with a measure equal to zero
(see (12.216)). However, this set, which is called Lorenz’s strange attractor is not a
surface but has a fractal structure (see Fig. 12.7). Finally, the solution has a chaotic
behavior depending strongly on the choice of initial data (deterministic chaos).

For the definitions of nodes, foci and saddlepoints, see for instance [33].



Chapter 13
Fluid Dynamics and Ship Motion

This chapter is a brief introduction to the very difficult problem of ship motion.
The difficulties of this problem are due to the many factors determining the behavior
of a ship during the navigation: the form of the ship, the sea waves, the wind
action, etc. After introducing the roll, pitch, and yaw angles, many fundamental
kinematic relations are determined. Then, the dynamical equations are proposed
starting from dynamics of rigid bodies. A section is dedicated to the analysis of the
forces acting on the ship. Since the nonlinear problem posed by these equations is
very difficult to solve, small motions are considered which lead to linear differential
equations. All the forces and momenta, describing the actions of weight, buoyant
force, the interaction between ship and sea, are taken into account. In order to
evaluate all the terms appearing in the motion equations, it is necessary to consider
the effects produced by waves propagating on the free surface of the sea. To the
analysis of the wave propagation on the free surface are dedicated the last sections
of the chapter.'

13.1 Introduction

The theoretical foundations of the ship motion were laid in the eighteenth century
by Euler (1749) and Bouger (1746), which analyzed the roll of a ship in smooth
sea. In two important papers, the small oscillations of a floating body are studied as
small oscillations of a simple pendulum. Into the dynamical equations proposed
by these authors only hydrostatic forces appear, that is, they do not take into
account dynamical actions. D. Bernoulli was the first to consider the effect of
regular waves on the ship motion (1759) putting in evidence the ruinous effect

The reader interested in the topics presented in this chapter may consult specialistic books, for
instance [2,14,21,24,25,41,42,44,46-49,59,70,71].
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of the sea waves on the ship when the frequency of the waves becomes equal
to the frequency of proper oscillations of the ship. However, at the basis of
Bernoulli’s reasoning there was a wrong hypothesis. In fact, he supposed that
the effects of the sea waves were equivalent to a force acting vertically on the
ship. Only in 1861 W. Froude published a paper in which the action of the sea
waves on the ship was supposed to be orthogonal not to the ship surface but to
the waves themselves. In this paper, he supposed that the ship was advancing
orthogonally to the waves and that the oscillations of the ship were small. Under
these hypotheses, he obtained a right evaluation of the pitch motion of the ship. At
that time there was no theoretical model to describe the effects of the sea waves
on the ship motion when the waves propagate along an oblique direction with
respect to the rhumb line. As a consequence, the subsequent improvements realized
in building ships were only the result of important developments of engineering
science not of theoretical descriptions of ship motion. A consistent contribution
to the theoretical understanding of interaction between sea waves and ship was
given at the end of 1800 by A. N. Krylov, which can be considered the father of
Russian naval engineering. In his articles of 1896 and 1898 he supplied a set of
equations representing a first complete theory of the action of sea waves on the
ship motion. In a paper of 1907, the Russian engineer Zukovski proved that the
oscillations of a body floating interact with the water surrounding the body. In turn,
this interaction produces a reaction on the body which can be computed increasing
its mass in Krylov’s equations. In two papers (1935, 1939), Pavlenko proposed
some formulae to calculate this increasing of mass and showed its effects on pitch
and roll. In 1940 Kd&cin published a fundamental paper, which, together the results
of Pavlenko, allowed Haskind (1946, 1953, 1973) to formulate the first consistent
hydrodynamic theory of ship motion. More recently, this theory has been developed
by many authors (see, for instance, [14,24,25,42,46,59]) who have also suggested
many numerical procedures to obtain approximate solutions. In all these papers the
oscillations of the ship are supposed to have a small amplitude so that the basic
equations become linear. However, this approximation leads to consistent errors in
evaluating the roll of a ship. Consequently, a nonlinear theory of ship motion has
been elaborated by many researchers (see [21,44]) in the hypothesis that the waves
are sinusoidal. On the other hand, the sea waves that are generated by wind are not
regular so that, to overcome this difficulty, the theory of probability has been applied
(see, for instance, [2,47,48,70]).

13.2 A Ship as a Rigid Body

A theory of ship motion requires the formulation of the dynamical equations of
motion containing the interaction forces between sea and ship.> The first step of
this difficult process consists in considering a ship as a rigid body so that we can

2The notations adopted in this chapter are the same used in [55] and [41].
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use Euler’s dynamical equations to describe its motion.? It is well known that a free
rigid body has six degrees of freedom since we have to assign six parameters to
define its position relative to a frame of reference. Now, following Euler, we choose
the frame of reference and the above parameters.

In studying the dynamics of a free rigid body S it is convenient to introduce three
different frames of reference: the lab frame Oxyz is the frame relative to which we
want to determine the motion of S, the second frame O’&n¢ has the origin O’ at a
point of S (usually the center of mass of S) and axes parallel to those of Oxyz, and
the third one O’x’y’Z, called the body frame, is at rest relative to S. Often, the
axes of O’x’y’7 are principal axes of inertia relative to the point O’.* Then, the six
parameters necessary to determine the motion of S relative to the lab frame Oxyz
are the three coordinates of O’ in Oxyz and an orthogonal matrix Q giving the
orientation of O’'x’y’7 relative to Oxyz. It is well known that the group SO(3) of all
orthogonal matrices is a three-dimensional differentiable manifolds which is locally
diffeomorphic to an open subset of 3. Consequently, the nine coefficients Q; ; of
Q are not independent, since they have to satisfy the six orthogonality conditions
QQ” = I, and we can define an orthogonal matrix by introducing into SO(3) an
arbitrary system of three local coordinates. A set of such a coordinates is given by
Euler’s angles. However, in the sequel we show that for a ship or an aeroplane it is
more convenient to adopt another set of local coordinates.

If we assume that a ship is modeled by a rigid body S, we have to assign the
aforesaid frames and parameters to define the position of S relative to the lab frame.
To this end, we denote by X the free surface of the sea in the absence of wind and
waves (smooth sea) and call ideal ship motion the motion of S in these conditions.
Further, we suppose that:

e The surface X can be identified with its tangent plane r at a point O € X;

* The rhumb line in the ideal motion is a straight line of & covered with uniform
velocity U

» A frame of reference at rest relative to = is inertial. In other words, during the
navigation, we can neglect the action of noninertial forces in a terrestrial frame
of reference;

* The ship has a symmetry plane 7.

Now, as a terrestrial frame of reference we adopt Cartesian axes Oxyz with
the origin O € =, axis Ox and Oy on m, Oz orthogonal to 7 and axis Ox
directed along the direction of the sea wave propagation (see Fig. 13.1). Further,
we introduce the frame Go&n¢ having the origin at the position Gy of the center
of mass of the ship S in the ideal motion, axis Gy§ directed along the ideal rhumb

3Tt is evident that this hypothesis can be accepted for a big ship since, if the goods are well packed
in the hold, any position change of passengers does not modify the mass distribution. This in
not true for a small barge in which, any position change of a passenger should modify the mass
distribution.

4All the definitions and notations used in this chapter are the same used in [55], Chapters 12, 15, 16.
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Fig. 13.2 The ship with the body frame

line and Gy ¢ orthogonal to 7. This frame of reference is inertial since it moves with
uniform velocity U with respect to Oxyz. The angle between the axes Ox and O§
is called rhumb angle x and it is evaluated starting from the axis Ox (it is negative
in Fig. 13.1).

Finally, as body frame we adopt a set of Cartesian axes G x"y’z’ with the origin at
the actual position G of the center of mass of the ship S and axes at rest with respect
to the ship. From the existence of a symmetry plane g, we know that G € my and
any system of Cartesian axes Gx'y’7, with axes Ox’, Oy’ lying on 7y and O7
orthogonal to 7y, is a system of principal axes of inertia (see Fig. 13.2). From now
on, we fix in such a way the axes of the body frame and choose Ox’ directed along
the median line of the ship. We can state that the position of G with respect Goén¢
is given by the three coordinates of G. Their behavior in time characterizes the
translational motion of the ship. The projection (£(¢), n(¢)) on & of the trajectory of
G (the dashed line in Fig. 13.1) is the real thumb line of the ship.

It remains to determine three parameters to assign the orientation of Gx'y’7
relative to Goénl. It is evident that these parameters are equal to the parameters
giving the orientation of Gx’y’7 relative to the axes G£n¢ since this Cartesian frame
differs from Go&n¢ only for the origin. It is well known that there are 12 different
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Fig. 13.3 First rotation about G£: roll

ways to decompose a rotation matrix (orthogonal matrix) into a product of three
orthogonal matrices, where each of them represents a rotation about an axis. One
of these decompositions leads to the three Euler angles that are very often used in
analyzing the dynamics of a rigid body with a fixed point. These angles are not used
for determining the position of a ship or an aeroplane. We omit to prove that it is
possible to transform G £n¢ into Gx’y’Z’ by three independent rotations about three
convenient axes. We say that the rotations are independent if each of them has no
effect on the others. Starting from G&n¢, consider a rotation through 6 about the
axis G and denote by G x3y373, where GE = G x3, the axes after the rotation (see
Fig. 13.3). The second rotation, through the angle 6 about Gy3, transforms G x3y3z3
into GXx,y,2;. In this rotation the axes Gx, and Gz, remains on the plane G x3z3 so
that the angle v is not modified (see Fig. 13.4). Finally, the third rotation, through
the angle ¢ about Gx, brings Gx;y,z; into Gx'y’7. It is evident that ¥ and 0
remain constant in this rotation (see Fig. 13.5).5

In view of the above considerations, we can state that the position of the ship
relative to the frame Go&n¢ is given assigning the coordinates (£g, 1, () of the
center of mass of S and Euler’s angles (v, 6, ¢). We conclude listing the naval
terminology of the coordinates (£¢, 16, {¢) and Euler’s angles:

o Eg-surge, ng-sway, (g-heave;
e @-roll, B-pitch, -yaw.

STt is evident that, composing these three rotations, we obtain a Cartesian frame fixed in the body.
It is possible to prove that, given any transformation Gén{ — Gx’y’z’ by an orthogonal matrix,
it is possible to determine ¢, 8, and .
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X2
Fig. 13.4 Second rotation about Gy,: pitch

Z

;xz x’

3

Fig. 13.5 Third rotation about G x;: yaw

13.3 Kinematical Transformations

Our task is to determine the coordinate transformation between Gx’y’z’ and Oxyz.
To this end, we start determining the coordinate transformation between Go&n¢ and
Oxyz. Denote by (e, e,, e;) unit vectors along the axes Oxyz and by (e, e,, €;)
unit vectors along the axes of Goénc. It is evident that

€: = Cos ye, + sin yey,

e, = —sin ye, + cos ye,,

e =e,. (13.1)
On the other hand, from Fig. 13.6 we see that

53 = _O—(_})o + GoP = (Ut cos ye, + Ut sin ye,)
+ &e; + ne, + Leg, (13.2)
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Fig. 13.6 Transformation of coordinates between Oxyz and Go&nl

where U is the uniform velocity of the ship with respect to Oxyz in the ideal motion.
Introducing (13.1) into (13.2) we obtain the coordinate transformation from Gy&n¢
to Oxyz:

x = Utcos y + Ecos y — nsiny,

y = Utsiny + Esin y + ncos yx,

z=2¢. (13.3)
Now, we determine the coordinate transformation between Gx’y’z and Goénc.

Denoting by G&'1'¢’ a frame of reference with axes parallel to those of with Gy&n¢,
we consider the translation Go§n¢ — G&'n'¢’ given by

€ =¢§&+ &,
n=n"+ne,
t=t+1¢. (13.4)

where (g, 1, ) are the coordinates of the center of mass in the frame Gyénc.
Then, starting from the frame G&'1/’, we compose the translation (13.4) and the
three rotations we have defined in the preceding section to obtain the final transfor-
mation between Goén¢ and Gx’y’Z, then we invert it to obtain the transformation
Gx'y'7 — Goénl. The three rotations of Figs. 13.3, 13.4, 13.5 are defined by the
following matrices:

1 0 0
A=|0 cosg sing |, (13.5)
0 —sin¢ cos ¢

cos@ 0 sinf
B = 0o 1 0 , (13.6)
—sinf 0 cos @
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cosyr siny O
C=|—-sinyycosgp0|. (13.7)
0 0 1

In conclusion, the transformations Gyénl — Gx'y’z and Gx'y'7 — Goénl can,
respectively, be written as follows

x" = cosfcos (€ —&g)
+ (—cos ¥ sinf sing + cosg siny)(n — ng)
+ (cos ¢ cos ¥ sinf + singsiny) (¢ — {6) — &g
y' = —cosOsiny(§ — &)
+ (cosgcos ¥ 4 sin @ sing sin ) (n — ng)
+ (cos ¥ sing — cos @ sin @ sin ) (¢ — zng) — ng.,
7 = —sinf(& — &)
— cos@sinp(n —ng) +cosBcosp(C —&s) — Co. (13.8)

£ =x"cosOcosy —y' cosfsiny — 7 sinf + &g,
n = (—cos sin @ sin g + cos @ sin ¥ )x’
+ (cos v cos ¢ + sin @ sing sin )y’
— cos O sinp7 + ng
¢ = (cos @ cos v sin 6 + sin ¢ sin ¥ )x’
+ (cos v sing — cos ¢ sin 6 sin yr) y’
+ 7 cosfcosp + Lo (13.9)

These transformation formulae and (13.3) show that we know the coordinates
(£, 7, 0) in the terrestrial frame of any point (x’, y’,7’) of the ship ((x’, y’,7') are
constant in the body frame Gx’y’7’), provided that we determine the functions
£6(0), 16(1), E6 (1), Y (1), 6(1), and (o).

The next problem to solve consists in determining these functions by dynamical
equations of motion.

13.4 Dynamical Equations of Ship Motion

In order to find the fundamental kinematic functions &g (¢), ng (¢), g (2), ¥ (¢), 0(¢),
and ¢(¢) which describe the ship motion, we have to write the dynamical equations
in the inertial frame of reference Goénl. It is well known that the fundamental
equations describing the dynamics of a rigid body S are:
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Fig. 13.7 Different frames of reference

* the balance laws of linear momentum, expressed in terms of center of mass G°
mrs = R, (13.10)

* and the balance equation of the angular momentum

K; = Mg. (13.11)

In the above equations m is the mass of the body, r¢ = (&g, 16, {c) the position
vector of G relative to Goén¢, R the total force acting on S, K¢ the angular
momentum of S relative to the center of mass, and Mg the torque of the forces
acting on §. From dynamics of rigid bodies we know that the angular momentum
Kg of S is equal’ to the angular momentum K in the frame G £7¢®, having its origin
at G and the axes parallel to the axes of Goén¢ (see Sect. 15.2 in [55]), i.e.,

K; =K. (13.12)

It is evident that the motion of G&nl with respect to Goén¢ is not uniform but
translational. In G&n¢ the center of mass of S is at rest, so that the motion of
S relative to this frame is a rigid motion about the fixed point G. Therefore, the
velocity field of S relative to GEn¢ can be written as follows

F=oxr, (13.13)

where r is the position vector of an arbitrary point of S with respect to the center of
mass and e is the instantaneous angular velocity of S relative to GEng. Owing to

6 All the results and definitions of rigid body dynamics can be found in [55], Chapter 15.
7See, for instance [55], Chapter 15.
81t can be proved that K does not depend on the choice of the pole.



438 13 Fluid Dynamics and Ship Motion

the translational motion of G&n¢ relative to Goéné, w is also the angular velocity of
S relative to Goén¢. Further, the angular momentum of a solid with a fixed point is
proportional to angular velocity, i.e.,

Ko =1 o, (13.14)

where I is the central tensor of inertia of S. It can be proved that I is symmetric
and positive definite so that its eigenvalues are real and positive and it admits at least
a basis of eigenvectors.

We have written the balance equations (13.10) and (13.11) in the inertial frame
Goéng. Further, we have noted that (13.12) allows us to reduce the evaluation of K¢
to the calculus of the angular momentum of a solid with a fixed point. Consequently,
K¢ has the form (13.14), where w is given by (13.13). Now, following Euler,
we consider the projections of (13.11) along the axes of the body frame Gx’y’7.
We note that, when the rigid body S is a ship, it has a plane of symmetry = and we
have that G € 7 (see Sect. 15.4 of [55]) and the central tensor of inertia satisfies the
condition:

Loy =1y =0. (13.15)
To verify (13.15) it is sufficient to remember that in Sect. 15.4 of [55] we have

recalled that the axis G¢ is a principal axis of inertia. Consequently, the unit vector
along this axis is an eigenvector of I. Then, we can write that

Ix/x/ Ix/y/ Ix/z’ 0 0
Loy Loy Lo | 1] =2 1],
Ix/zl Iy/zl IZ,Z/ 0 0

and (13.15) is proved.

In order to simplify the evaluation of time derivative of Kg, we introduce more
compact notations: instead of denoting by (v, v’y, v.) the components of a vector
v in the frame Gx'y’Z, we write (V,v5,}). A similar convention we adopt to
denote the components of the 2-tensor Ig so that I/, = I, etc. With these
notations (13.14) can be written as follows

3
Ko =Y Lo, (13.16)
ij=1

where e}, €}, and € are unit vectors along the axes Gx’, Gy’, and GZ/, respectively,
and a){ , 1 = 1,2,3, are the components of @ along these axes. Since the frame
Gx'y’7 is at rest with respect to S, the components of the tensor of inertia do not
depend on time. Consequently, from (13.16) we obtain that the time variation of K¢
relative to G&nd is given by
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3 3
K _ I“.// I.: Y
G = ;€ + ijw; €.

ij=1 ij=1
Remembering Poinsot’s formula
U=w X u, (13.17)

which holds for any vector which is constant in Gx’y’Z’, the above equation, in view
of (13.16), assume the form

3
K; = Z L€ +  x K. (13.18)
i,j=1

13.5 Final Form of Dynamical Equations

In order to obtain the fundamental dynamical equations governing the ship motion in
the unknowns &g (¢), ng(?), Ca(t), ¢(t), 6(t), and ¥ (¢), we start recalling that
in classical mechanics the forces acting on a rigid body S moving relative to the
frame G&n¢ are supposed to depend on the position and velocity field of S relative

to GEn¢
Fr=rg+wXr. (13.19)

It is crucial to note that (13.18) contains the components (w;, @), ®!) of @ in the
frame Gx’y’7 whereas the components of (13.19) along the axes of GEn¢ have to
be expressed by the components (wg, w,, w;) of @ in this frame. This problem can
easily be solved by remembering that the components (wg, w;, ;) are related to
(wy, @y, @) by (13.9).

There is another more important problem to solve: the dynamical equations must
contain only the unknowns &g (¢), ng (¢), {6 (1), ¢(¢), 0(t), and ¥ (¢) so that we have
to express (@, a);, w!) in terms of ¢, 0, ¥, ¢, 6, and 1//

In order to obtain the relation between the above sets of variables, we recall how
we have defined the rotations that led us to the angles ¢, v, and 6. Then, we can
write the angular velocity  as follows

® = ge; + Oe, + Ve, (13.20)

where e is the unit vector along the axis G§, e, is the unit vector along the axis
Gy, after the first rotation (see Sect. 12.4 of [55]), and e/3 is the unit vector along
the axis G x} of the body frame Gx’y’Z’. If we want to relate the components ¢, 0, vr
of w in the basis (e, e, €}) to its components in the body basis (€, €/, ), we have
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to apply to each term of (13.20) the rotations necessary to transform (13.20) into a
relation relative to the body frame. In other words, we have to apply the matrix CBA
to the vector (¢, 0, 0), the matrix CB to the vector (0, 6, 0), and the unit matrix to
(0,0,4). In such a way we obtain the kinematic relations

! = ¢ cosfcosy + Osiny,
w, = 6 cos ¥ — ¢ cos 0 sin ¥,
o, =y —¢sinf. (13.21)

From the results of this section there follows that the classical assumption
according to which the forces acting on a body S depend on the position of S
and its velocity field, can be formulated stating that the vectors R and Mg in the
balance equations (3.11), (3.12) are functions of &g, g, (s, ¢, 6, ¥ and their time
derivatives EG, NG, fg, o, 6, V. Tt is also possible that the vectors explicitly depend
on time.

Now, we are in condition to write the equations whose integration, at least in
principle, will give the ship motion. Projecting (13.10) along the axes of the lab
frame G&n¢, we obtain

mé-:G = Rg
mﬁc = R,],
més = Ry, (13.22)

and the projection of (3.11) along the axes Gx'y’7’ of the body frame, taking into
account (13.18), gives

Ix/x/(,(.); + Ix/zl(i)é —|— Ix’:’a);a); + (IZ/Z, —_ Iy/y/)(,();a)é = Mx/,
Iy’y’d); + Ix’z/(wz - 0)2) + (Ix/x’ - Iz/z’)a)xwz = My/’

]Z/Z/a')é + Loy, — Iy 2wy, + Ly — Loy)o,wy, = My. (13.23)

In conclusion, the dynamical equations of the ship motion are (13.21), (13.22),

and (13.23), provided that we know how R and M¢ depend on the fundamental
variables &g, g, g, ¢, 0, ¥ and their time derivatives EG NG, {G o, 0, V.

13.6 About the Forces Acting on a Ship

In this section we analyze the forces acting on a ship due to weight, sea, and
wind. When the ship is at rest in smooth sea, it is acted upon by its weight and
buoyant force (Archimedes principle, Sect. 9.2). At equilibrium, these two forces



13.6  About the Forces Acting on a Ship 441

are equal and opposite. Further, the weight is applied at the center of mass G and it
is downward directed while the buoyant force is upward directed and it is applied
at the center of buoyant C. These two points belong to the vertical containing G.
We have already proved in Sect. 9.2 that the intensity of buoyant force is equal to
the weight of the water displayed by the ship at equilibrium.

When the ship S is subjected to a more or less complex motion, the buoyant
force is modified owing to the variations of the submerged part of S’ and the pressure
of the waves. In particular, the vertical straight line containing the buoyant center
C is modified and does not coincide with the vertical straight line containing G.
In these conditions we cannot apply Pascal’s principle and the determination of
water pressure on S is a much more difficult problem. Finally, we have to take into
account the effects of viscosity and inertial forces on the ship motion.

In principle, we can list the forces acting on S as follows:

* weight of S;

¢ water pressure;

e viscous forces;

¢ additional resistent forces;
¢ inertial forces;

* exciting forces.

Apart from the weight, which does not depend on ship motion, all the other forces
are depending on it. The determination of dynamical forces is strongly related to the
sea conditions. Consequently, we distinguish the following two cases:

* the ship moves in smooth sea:
* the ship moves in rough sea.

In the first case, we can suppose that the amplitudes of the variables defining
the ship motion about its center of mass are small, so that we can linearize the
dynamical equations. In the second case, this hypothesis cannot be accepted only
when the amplitude of waves is small, otherwise the dynamical equations to solve
are nonlinear. Moreover, the waves could be not regular; in this case we have to
resort to statistical considerations to evaluate the wave action on the ship.

In smooth sea, the main term of pressure forces is the static buoyant force
applied at the buoyant center C. The ship motion generates additional terms
due to variations of volume and form of the submerged part of the ship during
the navigation. These terms produce forces and torques which force the ship to
return to the equilibrium position.

The viscous forces have not a relevant effect on the ship motion. Further, the
resistent forces include the wave-making damping and the vortex damping. The
former is due to the energy necessary to produce the waves generated by the ship
during its oscillating motion. The latter is the force produced by the presence of
vortices around the ship.

Also the inertial forces appear during the ship motion. In fact, the ship oscilla-
tions produce an acceleration of the water particles which are in contact with the
hull. In turn, these accelerated particles exert reaction forces on the ship.
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In smooth sea the above forces are the only forces to take into account. If the ship
navigates in rough sea, we have also to consider the exciting forces which are due
to the wave action on the hull. These forces modify the hydrodynamic distribution
of the pressure on the ship so that we cannot evaluate these force field as we did in
smooth sea. The main contribution of the exciting force can be evaluated resorting
to the ghost ship hypothesis of Froude-Krylov. According to this hypothesis the
pressure at a point of the hull is equal to the pressure of the sea wave at that point,
in the absence of the ship. In other words, if we know the wave motion, then we
can evaluate the pressure acting at any point of the hull. It can be proved that
this assumption allows us to evaluate only the main part of the exciting force. To
complete its determination we have to add a further term which takes into account
the partial reflection and diffraction of the waves at their arrival on the hull.

For a detailed analysis of all the cited forces we refer the reader to specialized
books on this subject (see [2,14,21,24,25,41,42,44,46-49,59,70,71]).

13.7 Linear Equations of Ship Motion

In this section we suppose that:

* the angular variables (roll, pitch, and yaw) have small values;
 the sea waves acting on the ship have small amplitudes.

The above hypotheses allow us to linearize the dynamical equations. First, we note
that, in the linear approximation, (13.21) reduce to the following equations

o, =¢, o, =0, o, =1. (13.24)

Consequently, Eqgs. (13.22), (13.23) can be written as follows:

mé:G = Fg,
mﬁG = F'?’
még = F, (13.25)

Low§ + Loy = My,
Iy 6 = M,,
LoV + Loy§ = My. (13.26)
It is evident that these equations will be really linear provided that the forces and

torques on the right-hand sides are supposed to depend linearly on &g (¢), ng(t),
Lo (¥), ¢(t), 6(t), ¥(t) and their first time derivatives.
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We suppose that, in smooth sea, this system admits an equilibrium configuration
corresponding to the following values of configuration parameters: £ = ng = ¢ =
6 = v = 0and {g = {go. It is more convenient to give (13.25), (13.26) a matrix
form. This can be obtained by introducing the following matrices

mOO0 O 0 0
OmO O 0 0
00m O 0 0
M) = , 13.27
(M) 000 Iyy 0 Iy (13.27)
000 0 Iy 0
000 /Ly O Iy
and
136 F;
Ule; Fr]
e Fy
(uj) = . (Fy) = , (13.28)
J ® J MS
0 M,
4 M;
which allow us to write (13.25) and (13.26) in the form
6
> My =F;. j=1....6. (13.29)
k=1

(M), which is called the matrix of inertia of the ship §, includes the total mass
of S and the mass distribution about the center of mass by the momenta of inertia
Iix, 1yy, I;,and I ;. The element ii; of (ii; ) is the acceleration of the jth degree of
freedom of S. Finally, (IF;) is the force-torque matrix and it includes all the forces
and torques acting on S.

In view of the considerations of Sect. 13.6, we introduce the decomposition

_ w6 B H w F
F; =F +F? + F# + FY + FF, (13.30)

where (]FJG) is the weight force, (Ff) is the hydrostatic buoyant force, (]Ffl ) the
hydrodynamic force (IF;V) the wave exciting force and (]Fjr ) the frictional damping
force.

It is evident that, to complete the linear formulation, we have to assign the linear
functions F; (uy, ity ), i.e., how the forces depend on position and velocity field of S.
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13.8 Small Motions in the Presence of Regular Small Waves

In this section we apply the linear equations to ship motion in smooth sea and in the
presence of regular small waves. First, we determine the combined effect of weight
and buoyant force in the linear approximation. It is well known that, at equilibrium,
the balance between the weight and the buoyant force allows the ship floating.
Further, if the ship is slightly moved from this position, then restoring torques tend
to take back the ship to the rest position (see Fig. 13.8). Taking into account that we
are proposing a linear theory of ship motion, we assume that

6
IFj=IF§V+IFf=—ZC_,kuk, j=1,....6, (13.31)
j=1

where the constant coefficients C ;. are called restoring coefficients. In other words,
in writing (13.20), we state that the components F ]-W + F jB are linear functions
of the variations u; of the position parameters with respect to the equilibrium.
The negative sign means that the combined effect of weight and buoyant force
produces restoring actions on the ship. Introducing (13.30) into (13.29), we obtain
the equations describing the small motions of a ship in smooth sea:

6 6
> My ==Y Ciur,  j =1,....6. (13.32)
k=1 =1

These equations can be used when the coefficients C; are given. Now, determining
the coefficients Cj; is a problem of naval engineering. In textbooks about this
subject, many procedures are presented to evaluate the restoring coefficients starting
from the geometric characteristics of the hull. Here, we limit ourselves to recall
that it is possible to prove that, if the ship admits a longitudinal symmetry plane,
then many coefficients C;; vanish. More precisely, the restoring coefficient matrix
reduces to

F B FB FB

v

Fo Mag Y G

Fig. 13.8 Weight, buoyant force, and torques
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000 O 0O
000 0O OO
00C33 0 C350
00 0 Cyu 00
00Cs3 0 Cs50
000 O 00O

(13.33)

Taking into account this result and recalling (13.27) and (13.28), we can write
equations (13.32) in the form

mgG =0,

mijg = 0,

mi = —Cx3{g — Css0, (13.34)
m¢ = —Cug,

mb = —Cs3¢g — Css0,

myr = 0. (13.35)

These equations suggest some interesting dynamical considerations. First, in
view of (13.34), we can state that if the center of mass is initially on the rhumb
line and its velocity is tangent to the thumb line, then it moves only vertically in
the frame Goén¢, where Gy is the projection of center of mass on the sea surface
(see Sect. 13.3). Further, this movement along the vertical is affected by the pitch
motion. The first equation (13.35) shows that the roll is harmonic and it is absent
if initially ¢(0) = ¢(0) = 0. From the third one we derive the absence of yaw;
finally, the second equation (13.35) and the third equation (13.34), show that the
pitch motion and the vertical motion of the center of mass affect each other. The
interaction between these two motions generates a very complex ship motion. In
fact, to solve the system

ms = —Cylc — Cish,

mb = —Cs3tg — Cssb, (13.36)

it is convenient to transform it into the following system of four first-order
differential equations

éG = uj,
é = U,
i = —Cs386 — G350,
iy = —Cs3¢g — Css0, (13.37)
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where u; and u, are auxiliary variables. Giving (13.37) a more compact form

% = Ax, (13.38)
with
¢e 0 0 10
X = 51 , A= _233 _235 g(l) . (13.39)
U —Cs3 —C55 00

we can write the general solution of the above system as follows

r

mj
x(0) =YY et (13.40)

j=li=1

where ¢;; are suitable vectors depending on 4 arbitrary constants, Ay, ..., A,, 7 < 4,
is the number of the eigenvalues of the matrix A and m,,...,m, their algebraic
multiplicity. Further, the analysis of the behavior of (13.40) allows us to establish if
the linear approximation is valid or not. For instance, if the matrix A admits a double
eigenvalue A, then the solution (13.40) contains a secular term. Consequently, the
solution does not diverge provided that the real part of Ais negative.

To complete our analysis of ship motion in smooth sea, we have to take into
account the effects of inertial and resisting forces, due to the waves produced by
the ship during the navigation (see Sect. 13.6). With the notations of Sect. 13.7, we
suppose that these forces, in the linear approximation, can be written as it follows:

6 6
F = =" Ajiic =Y Bjie. j =1.....6. (13.41)
k=1 k=1

The coefficients A j; are called the adjoint mass coefficients since, when they are
carried on the left-hand side of (13.29), modify mass and momenta of inertia of
the ship. It can be proved that the matrix (4 ;) is symmetric so that their number
reduces to 21. Further, if the ship has a longitudinal symmetry plane, their number
becomes 12 since it is

App = Ay = A1 = Az = Azs = Azg = Az = Ays = Ass = 0. (13.42)

The coefficients By are called damping coefficients and they again verify condi-
tions (13.42) in the presence of a longitudinal symmetry of the ship.

Finally, we suppose that small and regular waves are propagating on the sea
surface and evaluate forces and momenta due to their meeting with the ship during
the navigation. Let S be a ship moving with uniform velocity U in a direction



13.8 Small Motions in the Presence of Regular Small Waves 447

forming a rhumb angle y with the direction of wave propagation. In this situation the
generalized interaction forces §; between the ship and the waves not only depend
on the position parameters (u;) and their first and second time derivatives but also
on the vertical displacement u,, of the sea free surface and their first and second time
derivatives, i.e.,

Fj =Fj(uw,zkw,iiw,uj,zkj,ilj). (1343)

Supposing that the values of position parameters, variables u,,, it,,, it,, and their first
and second time derivatives are small, we can substitute the functions (13.43) with
their Taylor’s expansions:

IFj =ajuw+bjuw+cjuw

6
— Y (Ajiitx + Bjrine + Cppe), j =1,....6. (13.44)
j=1

The coefficients A, Bji, and C;; have the meaning already made clear in the
above sections but in this case they depend also on the wavelength of the sea waves.
If (13.44) is introduced into Eq. (13.29), we obtain the general equations governing
the ship motion of small amplitude:

6
> Mk + Ajiiie + B + Cjruwe =FY. j =1,....6, (13.45)
k=1
where
FL; =aji4'w+bjitw+cjuw, (1346)

denotes the jth component of the exciting forces.

Let z, = Acos(w.t — kx), where k is the wave number 27/A, a plane wave
propagating along the axis Ox of the frame Oxyz (see Fig. 13.6). In view of (13.3),
the equation of this wave in the frame Gy&n¢ is given by the following equation

¢y = Acos(wet — k& cos xy + knsin y), (13.47)

where w, = w — kU cos y. At the center of mass of the ship, where § = n = 0, the
wave amplitude is

Ly = Acos(wet), (13.48)
so that

L = —weAsin(wet), &, = —w2Acos(w,t). (13.49)
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It is supposed that the force produced by the sea waves on the ship is proportional
to the amplitude that the wave should have at G in the absence of the ship (ghost
ship hypothesis, Sect. 13.6). In other words, we suppose that

FY =T cos(wel + 7)) (13.50)

Introducing (13.50) into (13.46), we obtain

e a)eb'
F, = a\/(cj —w2a;)? + (web;)?, tany; = ——— (13.51)

cj —wla;’
and Eq. (13.45) become

6
> M+ Aj0in+ Bjrive+Crrue = F) cos(wet+y;). j =1.....6.  (13.52)
k=1

In conclusion, to all the ship motions in the absence of sea waves, we have now to
add a particular solution of (13.52) due to the presence of the impressed force on
the right-hand side of (13.52).

13.9 The Sea Surface as Free Surface

All the coefficients appearing in Eq. (13.52) have to be evaluated starting from the
characteristics of the hull, sea waves, and wind. From now on, we propose to analyze
in more detail the waves that the wind produces on the sea surface. In this way, we
will be able to evaluate their amplitude and energy.

To begin, we suppose that the sea is a perfect incompressible fluid whose flow is
irrotational. From Sect. 9.5 we know that such a flow is a potential flow, i.e., there
exists a function ¢ of class C? solution of Laplace’s equation

Ap =0, (13.53)
which is related to the velocity field by the relation
v = V. (13.54)

Let Xy be the plane free surface of the sea in the absence of wind or other
perturbation. Denote by d the distance between X, and the sea floor X s and
introduce a frame of reference Oxyz with the origin and the axes Ox and Oy
belonging to Xy (see Fig. 13.9). The domain in which we wish to find a solution ¢
of (13.53) is the region C(¢) contained between the sea actual surface X (¢) and X /.
This domain is unbounded since —oco < x, y < oo and depends on time because of
the moving surface X (¢).
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(1)

Fig. 13.9 Waves on the sea surface

We have to assign the boundary data on the surfaces ¥ ; and X (¢). Remembering
that we are assuming that the water is a perfect fluid, the boundary condition on the
fixed surface X s is

9
v-k:k-w:a—"’:o, (13.55)
Z

where K is the unit vector along the axis Oz. On the other hand, X(¢), whose
evolution is unknown, is a material surface (see Sect. 5.3). Then, we can conclude
that at each point of X (¢) the following conditions hold

Vo =Cp, pP—Ppa=0, (13.56)

where ¢, is the normal speed of X (¢) (see Sect. 4.5), p is the water pressure on X (¢)
and p, the atmospheric pressure, which is supposed to be known. Denoting by

F(x’y7ZW’t)EZW_f(‘x7yvt)=O’ (1357)

the equation of the moving surface X (), the external unit vector N normal to X (¢)
has components

1 [(df af
[ — _5_71 5
N |VF| (Bx ay )

2 2
[VF| = \/1 + (%) + (y) , (13.58)
ax dy

and the normal speed of X (¢) is given by

1 of
= SR (13.59)

Taking into account this result, we can write first condition (13.56) as it follows

dpdf  Bpdf | by _of

— — —_ = . 13.60
dx dx  dy dy + 0z ot ( )
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Since this boundary condition holds on the moving unknown surface X (t), we face
with a free boundary problem. Further, (13.60) contains the unknown function f so
that we need another condition to determine f.

In order to find a new boundary condition, we prove the following theorem.

Theorem 13.1. Consider an irrotational flow of an incompressible fluid acted upon
by conservative forces. If ¢ and U denote, respectively, the kinetic potential of the
flow and the potential energy of the forces, then, in the whole region of the flow the
following identity holds

dp 1, p
= 4= Z+U=0. 13.61
o +2v + p + ( )

Proof. When the flow is irrotational, the acceleration formula we have proved in
Sect. 4.2, becomes

ov 1
a=—+ -V’
o 2
On the other hand, since the fluid is a perfect liquid acted upon by conservative
forces, the equation of motion assumes the form

V=—V(£+U),
0

where p is the constant density of the liquid. Remembering that v = V¢ and
dVe/dt = V(d¢/0t), from the last two equations we obtain that

dp 1, p
L+ VPS4 U =c),
8t+2V+p+ c(t)

where ¢ () is an arbitrary function. On the other hand, in view of (13.54), the kinetic
potential ¢ is defined up to an arbitrary function of time. If we define ¢;(¢) in such
a way that c(t) = dg,/0t = ¢, then (13.61) is verified provided that ¢(x, y,z,t)
is substituted by ¢(x, y,z,1) — ¢ (2). O

In our case all the hypotheses of Theorem 13.1 are satisfied and U = gz. There-
fore, identity (13.61) holds in the whole region C(¢). The further boundary condition
we are searching for is obtained taking into account (13.54) and evaluating (13.61)
on surface X (¢):

do 1[0\ (d¢\  [(90\’| & Pa
¥Lio(® % 4 LLAp— 13.62
at+2[(ax) +(8y %) |+ e (13.62)
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13.10 Linear Approximation of the Free Boundary
Value Problem

The free boundary problem (13.53), (13.55), (13.60), (13.62) we have formulated in
the preceding section cannot be solved because of its strongly nonlinear character.
Then, we try to solve it in the hypothesis that the components of v(x, y, z, ¢) and the
values of z,, = f(x, y, ) are first order quantities together with their time and space
derivatives. In these condition, the aforesaid free boundary value problem becomes

Ap =0, in C(t),

dg

a—z = 0, on Z/,

do  of

_r - 2 >

6z~ a0 O EO

0 a

a_‘f + 24 er =0 on =(0). (13.63)
o

This free boundary value problem is now linear and we can apply standard methods
to solve it. In particular, we resort to the method of separated variables. To simplify
the calculation, we omit the dependence on the variable y; in other words, we
analyze the behavior of waves in the plane Oxz supposing that this behavior is
the same on all the coordinate planes y = const.

We begin searching for a solution of (13.63) such that

o(x,z,t) = X(x)Z ()T (¢). (13.64)
Introducing this function into Laplace’s equation, we obtain

Xx)  Z@

(13.65)

where K is a constant which can be positive or negative. The case K < 0 is of no
interest for us. Then, introducing the notation K = 472 / A% > 0, from (13.65) we
obtain the equations

4 2
X(x) = —=5 X(x),

2
Z"(z) = %Z(z), (13.66)
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whose general solutions are

2
X(x) = Acos (Tnx—i-a),

Z(x) = Bcosh (ZTHZ + ﬁ) , (13.67)

where A, @, B, and B are integration constants. Since the function ¢ =
X(x)Z(z)T (t) must satisfy the second condition (13.63) for any x on the sea
floor (z = —d), we impose that

BZ;T nh 2rd +B 0
—sinh | ——— =0.
A A

In turn, this condition implies that

2md
B=—, (13.68)
A
and our solution assumes the form
2 2
¢(x,z,t) = Acos (Tx + a) B cosh (T(Z + d)) T(t). (13.69)

Now, from the second and third conditions (13.63) we derive a new equation
containing only the kinetic potential. In fact, differentiating the forth relation, we
have that

I of

— =—g, 13.70

ot? o1 ( )
at any point of the region C(¢). From (13.70) and the third relation (13.63), we
finally obtain that on the surface X () has to be satisfied the condition

g 1 0%
—_ = 13.71
0z g 0t? ( )
Our hypothesis that ¢ and f are first order variables with their first and second
derivatives allows us to state that the values of both sides of (13.71) on the rest
surface z = 0 are equal to the values on X(¢) up to second order terms. Applying
the condition (13.71) for z = 0 to the solution (13.69), we have that

2 2 1 2
B2 sinh (Y 1) = — LB cosh (L 770y, (13.72)
by ) 2 py
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Introducing the notation:

v° = —— tanh ——, (13.73)

we can write the general solution of (13.72) in the form
T(t) = Ccos(Qmvt + ), (13.74)

where C and y are arbitrary constants. In conclusion, the kinetic potential satisfying
all the boundary conditions is

— 2 2
¢ = K cos (Tnx—l—a) cosh Tn(z+d)cos(2nvt+y), (13.75)

where K = ABC. Owing to the well-known trigonometric formula
2cosacos B = cos(o — ) + cos(a + B)

we can write (13.75) in the form
2 2
¢ = K cos Tn(x — Avt + §) cosh Tn(z +d)
2 2w
+ K cos T(x—i—/\vt —l—e)coshT(z—i—d), (13.76)

where
K A A
K==, §=-(a-y). e=_—_(a+y).

It is straightforward to verify that each addendum on the right-hand side
of (13.76) satisfies the boundary conditions for any choice of the arbitrary constants
K, A, § and €. In order to determine a unique solution of our problem, we have
also to assign the initial datum ¢(x,z,0) = @o(x, y). Since (13.75) contains only
four arbitrary constants, it cannot satisfy an arbitrary initial datum. Therefore, we
have to consider a double Fourier’s expansion in the variables x and z of ¢o(x, y)
and compare this expansion to the series of the infinite solutions (13.76) on varying
the constants K, A, § and €. Since these calculations are simple but very tedious,
we limit ourselves to the analysis of the solution (13.76), which corresponds to a
particular initial datum.
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13.11 Simple Waves

In this section, we analyze the property of the solution
2 2
Q= Kcosth(z—kd)cosTn(x—kvl+8). (13.77)

We call such a solution a simple wave since it corresponds to a harmonic plane wave
with frequency v, wavelength A, traveling along the Ox axis with velocity V' = Av.
Note that solution (13.76) is the superposition of two simple waves with the same
characteristics but propagating in opposite directions.

About the amplitude

2
A= Kcosth(Z-l-d)

of a simple wave, we have to note what follows. The linear approximation requires
that A < A < d but the function cosh(z + d), although it vanishes when 7z = —d,
assumes a very large value for z = 0 when d is large (deep sea). This implies that
we have to take very small values of K if we want a small amplitude. Therefore, it
is more convenient to put

SRS (13.78)
~ cosh QT”d ' '
since 0 < (cosh 2T”(z + d)/ cosh ZT”d < 1, x € [—d,0], and the constant K
controls the value of the amplitude. From now on, we intend that the constant K
in (13.77) has the expression (13.78).” When the value of K is assigned in (13.78),
the amplitude of the small wave is determined by the function

2
cosh Tn(z +d)
yd ) = —A
cosh —d

A

The plot of the above function, for a fixed value of d (see Fig. 13.10), shows that the
value of y becomes next to zero after a small fraction of the total depth d. Further,
this fraction increases with the wavelength.

In view of (13.73), the propagation speed V' = Av can be written as follows

2
VA, d) = %tanh %d. (13.79)

9See, [71], pe. 5.
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Fig. 13.10 Plot of y(z). The dashed, dotted, and continuous curves refer to increasing values of A
and d fixed

This function is called dispersion relationship of simple waves. It gives the
dependence of the wave speed on the wave length A and the water depth d.
Approximate explicit forms of the above function can be obtained by a Taylor’s
expansion of V(A, d), with respect to A. For the present, we note that the form of
V(A,d) shows that, for a given value of A, the wave will propagate faster in deep
water than in shallow water. Also, waves with greater wavelength will propagate
faster than waves with short wavelength. Hence, if a group of waves of varying wave
length were to propagate away from an area where they were initially generated,
they would propagate at different speeds. The longer wave length waves would
propagate faster than the shorter wave length waves. Hence, the wave field would
gradually disperse. This gives rise to the name, dispersion relationship.

We note that, when d > A, it is tanh(2wd /1) & 1 and (13.79) reduces to the
formula

V() = /25, (13.80)

which shows that the wave velocity in deep sea is proportional to the square root of
wavelength.
On the contrary, if d < A (shallow water), then

2ng 2ng
tanh — ~ —=
an 3 3
and (13.79) becomes
V(d) = vgd. (13.81)

This is the case of tide waves.
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13.12 Flow of Small Waves

Now, we have to evaluate all the characteristics of the flow corresponding to the
kinetic potential (13.77). We start determining the profile of the free surface X (¢).
It has already been noted that the potential ¢ is defined up to an arbitrary

function c(¢). Therefore, if we add this function to (13.77), we do not modify any
result. Then, adding the function p, z/p to (13.77), last equation (13.63) reduces to
the condition

dg

i +gf =0, on X(¢). (13.82)
Taking into account (13.82) and (13.77), we can state that on X(¢) the following
equation holds

1 dg
v = [l 1) =———
fo= S0 ==
2K 2 2
- vcosth(zW—i-d)sinTﬂ(x—)kvt~|—)/). (13.83)
g

Note that (13.83) implicitly defines z,, since this variable also appears on the right-
hand side. On the other hand, it is

2nd 2w 2md

b2 (o 4 d) = cosh 224 2 224
cosh —(z,, = cosh — + — sinh ——z,, + --- .
P PR P

Consequently, up to second order terms, we can evaluate the right-hand side
of (13.83) on z = 0 and the equation of X (¢) becomes

2nK 2nd . 2
_r vcosh%sin%(x—)wt+y).

w =

In view of (13.78), it can also be written as follows

2n K v

2
Zy = sin T(x —Avt +y). (13.84)
It has to be noted that the propagation speed (13.79) has nothing to do with the
velocity of the water particles. In fact, it is the velocity of the perturbation produced
by the surface wave. Instead, the water flow is obtained by (13.54) evaluating the
gradient of the kinetic potential (13.77):

2 2 2
Vy = —TﬂKcosh Tn(z + d) sin Tn(x —Avt +y),

2 2
v, = —HK sinh il

2
7 T(z+d)cos T(x—)wt—i—y). (13.85)
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Fig. 13.11 Streamlines and velocity field in water

First, we remind that, in the above formulae K is given by (13.78). On the other
hand, function y of the preceding section assumes values which differ from zero
only for z next to the sea free surface. Consequently, outside this narrow layer, the
water is at rest. Finally, it is easy to verify that, in our approximation, from (13.59)
and (13.84), there follows ¢, = df/dt = v,. This is an awaited result, since in view
of (13.58), v, = v-N = v, and X(¢) is a material surface. Finally, the streamlines,
i.e., the integral curves of the velocity field for 7 constant, are shown in Fig. 13.11
together with the velocity vectors.

In order to determine the trajectories of water particles from (13.85), we have first
to note that these formulae give the velocity field in the Eulerian form. Therefore,
the trajectory of an arbitrary particle, which at the initial instant # = O occupies the
position (xo, zo), can be found solving the following initial value problem

dx
E = VX(X(I),Z(Z)vl)’
dz
7 = vx(0).20).0),
x(0) = xo, 2(0) = z0, (1380

where v, (x,z,t) and v,(x,z,t) are given by (13.85). This system can be solved
only numerically. However, an approximate evaluation of these trajectories can be
obtained starting from the following considerations.

Consider the trajectory of a water particle whose position vector at the instant
t = 0 is x¢. The equation defining the trajectory of this particle is given by the
solution x(z,x¢) of (13.86). If the water particles don’t go very far from their
equilibrium locations, however, a great simplification ensues: to find the motion
near some starting point X, it is sufficient to a good approximation to just evaluate
the velocity v at xq. In fact, denoting by &(xo, ) the displacement of the particle
occupying the position Xy at the instant 7, we can write that x(Xg, ) = Xo + & (xo, 7).
Therefore, (13.86) become:

9 v £ = V000 4 E- (T (13.87)
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If we can neglect the term & - (Vv)y,, with respect to v(Xo, ) since & is small,'

then finding the trajectory just requires integrating (13.87) with respect to time with
x held fixed.
Integrating (13.87) with x fixed, we obtain

E(1) = x0 +/vx dr, E() = 2 +/vzdt,

where (xo, z9) are the coordinates of particle X at the instant # = 0. Consequently,
we have that

K 2 2
£(r) = 7 cosh T(Z +d) cos T(X —Avt +y),

K 2 2
L) = —VsinhTﬂ(z-i-d) sinTn(x—)tvt +y). (13.88)

where V' = Av is given by (13.79). In view of (13.78), we introduce the positive
quantities

K K, cosh—(z+d)
a= —cosh—(z+d) —,
|4 Vv 2

costh

sinh —(z +d)
bzfsmh—(z—}—d) s

|4 v 2z ’
hd
cosh —

(13.89)

from (13.85) we obtain that the trajectory (£(¢), {(¢)) of a water particle verifies the
condition

£

——i—ﬁ:l. (13.90)
Equation (13.88) represents an ellipse with horizontal semi-axis a and vertical semi-

axis b. Therefore, for small waves and large wavelengths, water particles move in
closed elliptical orbits. Since

~ = tanh 27”(z+d), (13.91)

107t can be proved that this circumstance is verified if the amplitude K in (13.78) is such that
K <A
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Fig. 13.12 Orbits in deep sea

Fig. 13.13 Orbits in shallow sea

in deep water ¢ = b and the orbit becomes a circle. These orbits are shown
in Figs. 13.12 and 13.13. The orbits progressively become more elongated with
decreasing depth d and submergence z.

Finally, since we obtain the time derivative of ¢ by (13.75), we conclude that
the pressure inside the water can be evaluated by (13.61) which, in the linear
approximation, becomes

L ) (13.92)
a p

13.13 Stationary Waves

Stationary waves can be generated in a closed or partially closed basin. This
circumstance is verified in ports, vessels, etc. Consequently, the theory of stationary
waves is not important for the ship navigation. However, there are some cases in
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Fig. 13.14 Stationary waves in a basin

which it is interesting. For instance, in analyzing the sloshing of ship cisterns or
when we want to study a ship model in an naval basin.

In order to simplify the calculations, we suppose that the basin is unbounded
along the Oy axis but is limited along the Ox axis so that 0 < x < L (see
Fig. 13.14).

In this case, the kinetic potential (13.77) does not verify all the boundary data. In
fact, for x = 0 = L, we have to impose the conditions:

v(0,z,t)-N=0, v(L,z,t)-N=0, (13.93)
where N is the unit normal to the walls x = 0 and x = L. Since on these walls
N has components (1,0) and (—1, 0), respectively, conditions (13.93) assume the
following form

v (0,2,1) =0, wvy(L,z,t) =0. (13.94)
Remembering that v = Vg, the kinetic potential ¢ in (13.75), which already

satisfies the boundary conditions on X, and X(¢), must verify the other two
boundary conditions:

a—(p(O, z7,t) =0, a—(p(L,z,t) =0. (13.95)
dx dx

From (13.75) we see that the first condition is satisfied when o = 0 whereas the
second one imposes that

A= n=12,....n,.... (13.96)

In other words, in a bounded region are not possible waves with any wavelength
but only waves whose wavelengths verify condition (13.95). The velocity field of
stationary waves is obtained by (13.85), when (13.96) is taken into account:

2
Vy = —%K sin %x cosh %n(z + d)cos(mvt + y),
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2
v, = nL—nK cos %x sinh %(Z + d)cos(mwvt + ). (13.97)

Further, from (13.84) we obtain the equation of free surface X (¢)

nKv

n an .
Zw = cos TX cosh Td sin2wvt + y),

(13.98)

from which we derive that z,, = 0 at the points
L
xp=02k+1)—, k=0,1,...
n

which are called the nodes of stationary waves.

In all the considerations about waves, we have always supposed their existence.
In effect, they are generated by different causes: wind, earthquake, etc. The case
of the waves produced by the wind (wind generated waves) can be analyzed by an
extension of the free boundary problem we have considered in the above sections.
In fact, we can consider the two-phase system formed by water and atmosphere
and apply to each phase: (1) the equations of perfect incompressible fluids; (2)
the hypothesis that for both the flows there exists a kinetic potential; (3) the interface
conditions (13.56).

The wave theory developed in the above sections was based on the hypothesis
that the wave height was so small that the dynamic and kinematic boundary
conditions at the free surface could be applied on the surface z = 0 rather than
at the wave disturbed surface z, = f(x,r). Usually, the ratio K;/A seldom
exceeds 0.05 to 0.08 and hence the small amplitude assumption is often valid.
There are, however, some applications where the simplifying assumptions of linear
approximation become significant. In such cases it is necessary to resort to the
use of a nonlinear or finite amplitude wave theory. Such theories require the free
surface boundary conditions to be applied at the free surface, which is, initially
unknown as the wave form is part of the solution. The problem is made tractable
by the use of perturbation methods. Such an analysis assumes that the nonlinearities
represent only small corrections to linear wave theory. Physically the difference
between linear and finite amplitude theories is that finite amplitude theories consider
the influence of the wave itself on its properties. Therefore, in contrast to linear
theory, the phase speed, wave length, water surface profile, and other properties
are functions of the actual wave height. We invite the reader interested in the many
different finite amplitude wave theories that have been proposed to look up the many
specialistic textbooks (see, for instance, [71]).



Appendix A
A Brief Introduction to Weak Solutions

A.1 Weak Derivative and Sobolev Spaces

Let  be a bounded and open subset of R". Let D(2) be the vector space of
C°°(2)-functions having a compact support S, contained in £2:

D(Q) = {p e C®(Q), S, C Q.

If f € C'(Q), then it is always possible to write

/%(pdﬂz/i(f(p)dﬂ—/fa—gédfz. (A.1)
anl anl Q dax!

If the first integral on the right-hand side is transformed into an integral over the
boundary dQ2 by Gauss’s theorem and the hypothesis ¢ € D(2), then the previous
identity becomes

/ I paq = —/ 9 4a. (A2)
Q ax! Q dx!

Conversely, if for any f € C'(Q) a function y € C°(Q) exists such that

/ yodQ = —/ 9% 40 vee D@ (A.3)
Q Q 8x’

then, subtracting (A.2) and (A.3), we have the condition

a
/ (X——f.)godﬂzo Yo € D(R2), (A4)
Q oax!
© Springer Science+Business Media New York 2014 463

A. Romano, A. Marasco, Continuum Mechanics using Mathematica®,
Modeling and Simulation in Science, Engineering and Technology,
DOI 10.1007/978-1-4939-1604-7



464 A A Brief Introduction to Weak Solutions

which in turn implies that y = df/dx’, owing to the continuity of both of
these functions. All the previous considerations lead us to introduce the following
definition.

Definition A.1. Any f € L,(2) is said to have a weak or generalized derivative
if a function y € L,(2) exists satisfying the condition (A.3).

It is possible to prove that the generalized derivative has the following
properties:

. if feC! (ﬁ), then its weak derivative coincides with the ordinary one;

e the weak derivative of f € L,(2) is defined almost everywhere by the
condition (A.3); i.e., it is unique as an element of L,(2);

* under certain auxiliary restrictions,! we have that if x is the weak derivative of
the product f; f>, where fi, f> € L,(£2), then

/x¢d9=f(xlfz+f1m)<pd9,
Q Q

where y; is the generalized derivative of f;,i = 1,2.

From now on, the weak derivative of f(x1,...x,) € L(2) with respect to x; will
be denoted by df/dx;.

Example A.1. The weak derivative of the function f(x) = |x|, x € [-1, 1],1s given
by the following function of L,([—1, 1]):

af _ -1, xe[-1,0),
dx | 1, xe(01].

This is proved by the following chain of identities:

ldf 1 d(p 0 d(p 1 d(ﬂ
“gdx = — Lax=| xLax-| %24
/_1 dx(p o /_1 |x|dx o [_lxdx o /(; xdx o

0 1
- [xw]ﬁl—/lwdx—[xmhfo o dx

0 1
=—/ <pdx+/ pdx.
—1 0

Example A.2. The function

0, xel[-1,0),
1

f(x)z% . xelo 1],

ISee [62], Section 109.
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does not have a weak derivative. In fact, we have

d d
[ Lax=—[ 1% ax =t =0

and no function can satisfy the previous relation.

Definition A.2. The vector space
W Q) = {f f e L), f € Ly(Q), i n} (A.5)

of the functions which belong to L,(£2), together with their first weak derivatives,
is called a Sobolev space.

It becomes a normed space if the following norm is introduced:

||f||12—(/ f2d9+2/ (axl) )1/2. (A6

Recalling that in L,(€2) we usually adopt the norm

[ Ao = (/Q fde)l/z,

we see that the relation (A.6) can also be written as

2
(A.7)

1A = 1/ 1700 + Z

i=1 Lz(Q)
The following theorem is given without a proof.

Theorem A.1. The space W, (2), equipped with the Sobolev norm (A.6), is a
Banach space (i.e., it is complete). More precisely, it coincides with the completion
H, () of the space

{f €CH ), lIflha2 < oo}

This theorem states that for all f € W, (Q), a sequence { f;} of functions f; €
C () with a finite norm (A.7) exists such that

lim | f = filh2 =0. (A.8)
k—o00

In turn, in view of (A.6), this condition can be written as

v B ()

b
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or equivalently,
tim [ (7 - ffae = o
k—o00 Q

2
i [ (Z-%Yaaz0 i
Q

k—>o00 8)6,' axi

In other words, each element f € W, () is the limit in L,(2) of a sequence { f;}
of C'(Q)-functions and its weak derivatives are also the limits in L,(2) of the
sequences of ordinary derivatives {df; /dx;}.

The previous theorem makes it possible to define the weak derivatives of a
function as the limits in L,(£2) of sequences of derivatives of functions belonging
to C'(R2) as well as to introduce the Sobolev space as the completion H, (€2) of
{f €CH Q). I fli2 < oo}

Let CO1 (2) denote the space of all the C!-functions having a compact support
contained in €2 and having a finite norm (A.6). Then another important functional
space is H., which is the completion of C; (). In such a space, if the boundary 92
is regular in a suitable way, the following Poincaré inequality holds:

2 ¢ 8f 2 71
”éfdﬁfczaé(aﬁtﬁ2 VfeH\(Q). (A.9)

where ¢ denotes a positive constant depending on the domain 2. If we consider the

other norm
) 1/2
af \?
A _ Y Ja A.10
1/ 1 asce) (ng(ax,») ) ’ o

i=1
then it is easy to verify the existence of a constant ¢! such that

1/ Mgy < 112 < €'l f sy

so that the norms (A.6) and (A.9) are equivalent.

We conclude this section by introducing the concept of trace. If f € C'(R2), then
it is possible to consider the restriction of f over Q. Conversely, if f € H) (),
it is not possible to consider the restriction of f over d€2, since the measure of
0L2 is zero and f is defined almost everywhere, i.e., up to a set having a vanishing
measure. In order to attribute a meaning to the trace of f, it is sufficient to remember
that, if f € Hzl, then a sequence of C!(2)-functions f; exists such that

lim || f = fkllhi2 = 0. (A.11)
k—00
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Next, consider the sequence {f,} of restrictions on dQ of the functions f; and
suppose that, as a consequence of (A.12), it converges to a function f € L,().
In this case, it could be quite natural to call f the trace of f on dS2.

More precisely, the following theorem could be proved:

Theorem A.2. A unique linear and continuous mapping
Y HY(Q) = Ly(Q) (A.12)

exists such that y( f) coincides with the restriction on 9 of any function ().
Moreover,

AN Q) = {f € H}(Q),y(f) = 0}, (A.13)

A.2 A Weak Solution of a PDE

Consider the following classical boundary value problems relative to Poisson’s
equation in the bounded domain 2 C R having a regular boundary 9<2:

", 3%u
Yl =f inQ,
2
P 0x;
=0 ondQ; (A.14)
" 3%u
E — =f inQ,
2
= ox;
d "9
d—Z=§ a_;=0 on 9Q2; (A.15)

i=1

where f is a given C°(Q)-function. The previous boundary problems are called
the Dirichlet boundary value problem and the Neumann boundary value problem,
respectively.

Both these problems admit a solution, unique for the first problem and defined
up to an arbitrary constant for the second one, in the set C%(22) () C°(R).

By multiplying (A.14), forany v € H21 (£2) and integrating over €2, we obtain

n 2
/vZa—udﬂz fvdQ. (A.16)
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If we recall the identity

%u ad ou dv du
—_— = — V— —_—
vaxiz 8x,~ Bxi 8xi Bxi

and use Gauss’s theorem, then (A.16) can be written as

n

v Jdu
S vt 2 M Q= Q, Al
/Qvaxtn do = / 8xl axl d /Qf‘}d ( 7)

i=

where (n;) is the unit vector normal to 0S2.
In conclusion, we have:

* If u is a smooth solution of Dirichlet’s boundary value problem (A.14) and v is
any function in H ()}, then the previous integral relation becomes

v Bu Al
—Z/ e _/vadsz Vv e (). (A.18)

e If u is a smooth solution of Neumann’s boundary value problem (A.15) and v is
any function in H(2)3, then from (A.17) we derive

—Z/ Wy = /fde Vv e HI(Q). (A.19)

Conversely, it is easy to verify that if u is a smooth function, then the integral
relations (A.18) and (A.19) imply that « is a regular solution of the boundary value
problems (A.14) and (A.15), respectively. All the previous considerations suggest
the following definitions:

e A function u € [-}21 (R2) is a weak solution of the boundary value problem (A.14)
if it satisfies the integral relation (A.18).

* A function u € H)(Q) is a weak solution of the boundary value problem (A.15)
if it satisfies the integral relation (A.19).

Of course, a weak solution is not necessarily a smooth (or strong) solution of the
above boundary value problems, but it is possible to prove its existence under very
general hypotheses. Moreover, by resorting to regularization procedures, which can
be applied when the boundary data are suitably regular, a weak solution can be
proved to be smooth as well.

More generally, instead of (A.14) and (A.15), let us consider the following mixed
boundary value problem:

Z—AL,(X u, Vu) = f; Vx € Q,
i=1
u=20 Vx € Q' C 99,
Ari(x,u, Vu) = g7 (x) Vx € 0Q — 082/, (A.20)
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where u(x) is a p-dimensional vector field depending on x = (xy,...,x,), L =
1,...,p, 2 C N", and n is the unit normal vector to 9S2.

By proceeding as before, it is easy to verify that the weak formulation of the
boundary value problem (A.20) can be written as

—/A(x,u,Vu)-Vde=/f~vd§2—/ g-vdo Vv e U, (A.21)
Q Q a0

where U = (ﬁzl ()% is the Banach space of all the vector functions which vanish
on 0€2’.

Remark A.1. Tt is very important to note that if the assigned value of the unknown
on the boundary is not zero in one of the problems (A.14) or (A.21), then the
weak solution cannot belong to H, (2) or to U, respectively. This difficulty can
be overcome by introducing any auxiliary function g(x) which extends to Q2 the
values of the boundary value g. Then the usual weak formulation can be applied to
the new unknown @ — g. However, it is not easy to find the function g(x), especially
when g or the boundary d<2 are not regular.

A.3 The Lax-Milgram Theorem

Let us suppose that the vector function A appearing under the integral on the
left-hand side of (A.21) depends linearly on u and Vu. Then it is convenient to
formulate the boundary value problem (A.21) in an abstract way. In the above
linearity hypothesis, the left-hand side of (A.21) is a bilinear form of u and v on
the Hilbert space U:

B:UxU-—MN.
On the other hand, the right-hand side of (A.21) defines a linear form F on U:
F:U—>N.

Consequently, the weak formulation (A.21) of the boundary value problem (A.20)
can be written as

B(u,v) = F(v) Vv eU. (A.22)

For this kind of equation there is a remarkable theorem due to Lax and Milgram.
Before stating it, some definitions are necessary.

Definition A.3. A bilinear form B : U x U — 9 is U-elliptic with respect to the
norm induced by the scalar product of the Hilbert space U if

B(u-u) > aful|y, (A.23)

where y is a positive real number.
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Definition A.4. A bilinear form B : U x U — N is U-continuous if a positive
constant M exists such that

|B(u-v)| = M[ully]v||u. (A.24)

Definition A.5. If F : U — N is a linear form on the Hilbert space U, the U-norm
of F is defined by the relation

_ |F@)]

IFllv = ———
[ulfy

Yu e U. (A.25)

Theorem A.3. Let B : UxU — R be a continuous and U-elliptic bilinear form on
the Hilbert space U. Then there exists one and only one solution u of the equation
(A.22), such that it depends continuously on the boundary data

1
[lully < EHFHIU. (A.26)
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Symbols boundary layer, 282
2-tensor, 14 Boussinesq—Papkovich—Neuber method, 335
A

C

Cauchy’s hypothesis, 138

Cauchy’s polar decomposition theorem, 28
Cauchy’s problem, 198, 208
Cauchy’s stress tensor, 145
Cauchy’s theorem, 138
Cauchy—Green tensor, left, 87
Cauchy—Green tensor, right, 86
Cauchy—Kovalevskaya theorem, 200
Cayley—Hamilton theorem, 98
center of buoyancy, 256

central axis, 39

characteristic equation, 21
characteristic space, 20

B characteristic surface, 198, 202, 209
Christoffel symbols, 54

classical mixture, 391
Clausius—Duhem inequality, 151
Clausius—Planck inequality, 150
coefficient of kinematic viscosity, 278
compatibility conditions, 100
complex potential, 263

complex velocity, 264

components, contravariant, 3
components, covariant, 9
compressible, 252

concentration, 391

configuration, actual or current, 83

absolute temperature, 375
acceleration, 116
accumulation function, 378
acoustic tensor, 297, 344
adiabatic shock equation, 300
adjoint, 94

affine space, 31

algebraic multiplicity, 21
angle of attack, 274
anisotropic solid, 182, 189
Archimedes’ principle, 254
axial vector, 13

balance of the angular momentum, 146
basic equations, 392

basis, 3

basis, dual or reciprocal, 8
Beltrami equation, 406
Beltrami’s diffusion equation, 161
bending, nonuniform, 342
bending, uniform, 341

Bernoulli’s theorem, 257

bipolar coordinates, 71

Bjerknes’ theorem, 405

Blasius equation, 287

Blasius formula, 273
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configuration, reference, 83
conjugate, 181

constitutive axioms, 164
constitutive equations, 164
contact forces, 143
convective derivative, 117
coordinate curves, 48
coordinates, spatial and material, 83
Coriolis parameter, 396
covariant derivative, 55
curl, 57

curvilinear coordinates, 48
cylindrical coordinates, 68

D

D’ Alembert’s equation, 205

D’ Alembert’s paradox, 272
deformation gradient, 84
Deformation program, 107
deformation, homogeneous, 333
derivative, weak or generalized, 464
deterministic chaos, 428

diffusion flux, 391

diffusion velocity, 391

dilational wave, 345

dilational waves, 296

dimension, 3

direct sum, 4

directional derivative, 58

Dirichlet boundary value problem, 467
dispersion relation, 364

dispersion relationship, 455
displacement boundary value problem, 325
displacement field, 90

displacement gradient, 90
divergence, 56

doublet, 267

dynamic process, 164

E

effective gravitational acceleration, 388
EigenSystemAG program, 42
eigenvalue, 20

eigenvalue equation, 20
eigenvector, 20

eikonal equation, 218

Ekman number, 412
Ekman’s layer, 412

Ekman’s spiral, 415

elastic behavior, 168

elliptic coordinates, 70
elliptic equation, 203

elliptic system, 210
empirical temperature, 374
endomorphism, 14

energy balance, 147

energy density, 327

entropy, 150,376

entropy principle, 150
equivalent to zero, 39
equivalent vector system, 38
Ertel theorem, 408
Euclidean point space, 32
Euclidean tensor, 14, 29
Euclidean vector space, 6
Euler fluid, 251
Euler—Cauchy postulate, 144
Eulerian coordinates, 115
Eulerian form, 116

extended thermodynamics, 376

F

Fick’s law, 391

finite deformation, 84

first Helmoltz theorem, 260

first law of Thermodynamics, 374
first law of thermodynamics, 147
first Piola—Kirchhof tensor, 154
first-order singular surface, 60
Fourier inequality, 151

frame of reference, 31

frame, natural, or holonomic, 49
free vector set, 3

frequency spectrum, 370

Froude number, 398

G

Gauss coordinates, 199

Gauss’s theorem, 58

generalized polar coordinates, 67
geometric compatibility condition, 62
geometric multiplicity, 20
geopotential, 389

ghost ship, 442

grade n, 165

gradient, 54

gradient of velocity, 118
Gram-Schmidt procedure, 7
Green—St.Venant tensor, 91
group velocity, 370

H
Hadamard’s theorem, 62,218, 219
harmonic function, 121, 263
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heat convection, 416

heat equation, 206

heat flux vector, 148

heat source, specific, 148
Helmholtz free energy, 152
Helmholtz theorem, 349
homogeneous material, 182
Hugoniot’s equation, 300
hydrostatic approximation, 402
hydrostatic parameter, 398
hyperbolic equation, 204
hyperbolic system, 210

I

image, 17

incompressible, 252
incompressible fluid, 189
incompressible material, 172
infinitesimal strain tensor, 91
integral curves, 57

invariant, first, second, and third, 22
inverse dispersion, 371
irrotational motion, 121
isochoric motion, 121
isotropic function, 182
isovolumic motion, 121

J

Joukowsky program, 315
Joukowsky’s transformation, 275
JoukowskyMap, 318

jump conditions, 59, 138

jump system, 217

K

kernel, 18

kinetic energy, 147

kinetic energy theorem, 148
kinetic field, 117

kinetic potential, 121
Kutta—Joukowsky theorem, 273

L

Lagrange’s theorem, 257
Lagrangian coordinates, 115
Lagrangian form, 116

Lagrangian mass conservation, 154
Lamé coefficients, 185

Laplace’s equation, 121, 204, 263
Laplacian, 58

Lax condition, 226

length, 6

Levi—Civita symbol, 12

lift, 273

linear combination, 3

linear isotropic solid, 185

linear mapping, 14

linear PDE, 198

linearly dependent vector set, 3
linearly independent vector set , 3
LinElasticityTensor program, 193
local balance equation, 138

local speed of propagation, 124
Local-scale, 387

locally equivalent processes, 164
longitudinal unit extension, 86
longitudinal wave, 345

Lorenz’s strange attractor, 428

M

Mach number, 296

mass conservation principle, 143
mass density, 142

mass forces, 143

material coordinates, 115
material derivative, 116

material frame-indifference, 165
material objectivity, 165

material response, 164

material volume, 121, 137
Mesoscale, 387

metric coefficients, 50
Micro-scale, 386

Minkowski’s inequality, 6

mixed boundary value problem, 325
mixed product, 13

mixture, 390

mode conversion, 360
momentum balance principle, 143

N

Navier-Stokes behavior, 188
Navier—Stokes equation, 278

Neumann boundary value problem, 467
normal dispersion, 371

normal speed, 123

normal stress, 145

(0]
Oberbeck-Boussinesq equations, 417
objective tensor, 122
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objective vector, 122
Operator program, 76
order, 3

ordinary wave, 217
orientation, 11
orthogonal vectors, 6
orthonormal system, 6

P

P wave, 356

parabolic coordinates, 70
parabolic equation, 204
parabolic system, 210
paraboloidal coordinates, 72
particle path, 117

Pascal’s principle, 252
PdeEqClass program, 229
PdeSysClass program, 235
perfect fluid, 188, 251
perfect gas, 254

perturbed region, 217
phase velocity, 351
Poincaré inequality, 466
Poisson’s condition, 146
Poisson’s ratio, 185

polar continuum, 144
polar vector, 13

Potential program, 306

potential, stream or Stokes, 263

potential vorticity, 408

potential,velocity or kinetic, 263

Prandtl number, 421
Prandtl’s equations, 286
pressure, 252

primitive equations, 402

principal direction of stress, 145

principal stress, 145
principal stretching, 85
principle of determinism, 164
principle of dissipation, 166

principle of equipresence, 167

principle of local action, 165
principle of virtual work, 158
product, 2, 14

product, inner or scalar, 5
product, vector or cross, 12

prolate spheroidal coordinates, 72

proper rotation, 25
pseudovector, 13

pure compression, 341
pure extension, 341

Q
quasi-linear PDE, 198

R

Rankine—Hugoniot jump conditions, 224

rate of deformation, 118
Rayleigh equation, 364
Rayleigh number, 416
Rayleigh wave, 362

Rayleigh-Lamb frequency equation, 370

Rayleigh—Lamb relation, 351
rectilinear coordinates, 31

reduced dissipation inequality, 151

reflection, 351
refraction, 351
Reynolds number, 282, 421

Riemann-Christoffel tensor, 99

Rossby number, 398
rotation, 25

rotation axis, 28
rotation tensor, 85

S

Saint—Venant conjecture, 341
Saint—Venant principle, 341
Saltzman’s equations, 418
scalar invariant, 38
Schwarz’s inequality, 6

second Helmholtz theorem, 260

second law of thermodynamics, 150
second Piola—Kirchhoff tensor, 155
second principle of thermodynamics, 375

semi-inverse method, 337
semilinear PDE, 198

SH wave, 356

shear, 86

shear stress, 145

shear wave, 345

shock intensity, 226
shock wave, 217

simple continuum, 144
simple material, 165
singular perturbation, 283
singular surface, 59, 125
sink, 266

Sobolev space, 465
solenoidal vector field, 259
sound velocity, 296
source, 266
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spatial coordinates, 115
specific entropy, 150
specific force, 144

specific internal energy, 148
spectral decomposition, 24
spectrum, 20

spherical coordinates, 69
sphericity parameter, 398
spin, 118

stagnation points, 269
stationary motion, 118
Stevino’s law, 254

Stokes’s theorem, 59
stream tube, 258
streamline, 117

strength of a source or sink, 266
stress, 144

stress boundary conditions, 146
stress boundary value problem, 325
stretch ratio, 86

stretching, 118

stretching tensor, left, 85
stretching tensor, right, 85
Stroual number, 398
subsonic motion, 296
subspace, 4

sum, 2

supersonic motion, 296

SV wave, 356

symmetric tensor, 15
symmetry, 181

symmetry group, 181
synoptic-scale, 387

T

tangent plane approximation, 404
temperature, absolute, 149

tensor of linear elasticity, 175
tensor of thermal conductivity, 175
tensor product, 15,29

tensor, acoustic, 344

tensor, first Piola—Kirchhof, 154
tensor, Green—St.Venant, 91
tensor, infinitesimal stress, 91
tensor, left Cauchy—Green, 87
tensor, orthogonal, 25

tensor, Riemann—Christoffel, 99
tensor, right Cauchy—Green, 86
tensor, rotation, 85

tensor, second Piola—Kirchhoff, 155
tensor, skew-symmetric, 15

tensor, symmetric, 15
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tensor, two-point, 95

thermal power flux, 148
thermoelastic behavior, 168
thermoelastic isotropic solid, 182
thermokinetic process, 164
thermometer, 149
thermoviscoelasticity, 168
thermoviscous fluid, 186
Thomson—Kelvin theorem, 257
Torricelli’s theorem, 259

torsion, 342

torsional stiffness, 340

totally hyperbolic system, 210
trace, 466, 467

traction, 144

transpose, 14

transverse wave, 345

Tricomi’s equation, 206
troposphere, 386

turbulence, 410

turbulence horizontal viscosity coefficient, 412
turbulence vertical viscosity coefficient, 412
two-point tensor, 95

U
undisturbed region, 217

A\

vector, 2

vector field, 53

vector space, 2

vector, unit or normal, 6
Vectorsys program, 38
velocity, 116

velocity or kinetic potential, 262
Velocity program, 133
Venturi’s tube, 259
vortex damping, 441
vortex line, 259

vortex potential, 264
vortex tube, 259

vortex vector, 259
vorticity tensor, 118

w

wave, dilational, 345

wave, longitudinal, 345
wave, P, SH, and SV, 356
wave, Rayleigh, 362
wave-making damping, 441
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wavefront, 217
Wavesl program, 240
Wavesll program, 246
weak solution, 468
Wing program, 312

Y
Young’s modulus, 185

VA
zero postulate of thermodynamics, 374
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